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PROCEEDINGS 


OF THE 


LONDON MATHEMATICAL SOCIETY. 


VOL. XVI. 


TWENTY-FIRST SESSION, 1884-5. 
November 13th, 1884. 


ANNUAL GENERAL Muetina, held at 22 Albemarle Street, W. 


Professor HENRICI, F.R.S., President, in the Chair. 


Prof. Karl Pearson, M.A., University College, London, Fellow of 
King’s College, Cambridge, was elected a Member. 


The President then announced, in the following words, the losses 
the Society had sustained by death during the Recess :— 

“‘ Before our ordinary business begins, I have to address you once 
again,* to say a few words in memory of two of our Members, Prof. 
Rowe, of Cambridge, and Prof. Townsend, of Dublin, who have died 
since our last meeting. 

“ Prof. Rowe never enjoyed good health, and died when still a 
young man. I first saw him in the examination-room of the London 
University, when Prof. Townsend and I were examiners. We were 
both struck by the brilliancy of his answers, but shocked by the ex- 
treme delicacy of his appearance. Later on, when he became my 
colleague at University College, this impression was somewhat effaced 
by his vivacity. He was a man of great amiability and geniality, and 
these qualities, together with his great musical gifts, made him friends 


* [Alluding to the previous announcements of the deaths of Mr. Merrifield and 
Dr. Todhunter during the President’s tenure of office. ] 
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wherever he went. The principal thing he has left us as a mathe- 
matician is his paper in the Phil. Trans. of the Royal Society, on 
Abelian Functions, which showed that we might have expected good 
work from him, had he lived. 

“Prof. Townsend had come to ripe years, though he was by no 
means an old man. He, like Prof. Rowe, was characterised by great 
geniality. He was beloved by his numerous pupils, and held in the 
greatest esteem by all who knew him intimately for his kindness and 
warm-heartedness. As a teacher he is said to have possessed singular 
qualifications. 

“Personally, I have had the privilege of working with him for four 
years as examiner at the London University, and learned to value 
him very highly. As a mathematician, he was devoted to Pure 
Geometry, though he has published many papers belonging to Applied 
Mathematics. He treated his subject with considerable elegance. 
His chief work is his ‘Chapters on the Modern Geometry of the 
Point, Line, and Circle,’ which, though they are confined to a some- 
what narrow field, are very rich in methods, and many of the results 
can at once be extended to Conics in general. He had just obtained 
a Senior Fellowship at Trinity College, Dublin, when the illness 
began which caused his death.” 


After a slight pause, he presented the De Morgan Memorial Gold 
Medal to Prof. Cayley, accompanying the presentation with the 
following address :— 


‘You will remember that, two years ago, it was announced from 
this chair that the Council had settled the conditions under which 
the De Morgan Medal should be given, and that the first award 
would be made at the anniversary meeting of 1884. 

‘““T have now to make the announcement that the Council has 
decided that the first medal should be given to Professor Cayley in 
acknowledgment of his work in the ‘Theory of Invariants.’ 

“ As this is the first award of the medal, I may remind you of its 
origin. Soon after the death of De Morgan, some of his admirers 
started a subscription, for the double purpose of having a bust 
executed and founding a medal to be given in hismemory. The Bust 
now adorns the Library of the London University, where also his 
valuable collection of books is preserved. The Medal was offered to 
the Mathematical Society, and its Council accepted the honourable 
duty of determining its award. There is a peculiar fitness in the 
medal being thus connected with our Society; for this Society was 
founded with the active co-operation of De Morgan by a number of 
his advanced students, among whom his talented son George, who 


1884. | Annual General Meeting. 3 


died soon afterwards, took the lead. De Morgan himself was the first 
President, and our Proceedings began with a very characteristic open- 
ing speech by him. 

“The Medal is to be given for eminent original work in Mathe- 
matics, and no more fitting memorial than this could in my opinion 
be devised for a man who spent his whole life in carefully preparing 
the foundation for such work by his teaching and his writings. 

“De Morgan was pre-eminently a teacher. His most original work 
does not so much increase our stock of mathematical knowledge, but 
is concerned with mathematical reasoning, and with exact reasoning 
in general. 

“Jn the opening speech referred to, De Morgan himself divides 
exact science into two branches, the analysis of the necessary laws of 
thought, and the analysis of the necessary matter of thought. His own 
work belongs to the former. He was a logician much more than a 
mathematician in the ordinary sense of the word, and, when reading 
his mathematical works, I have always had the feeling that he studied 
Mathematics not so much for its own sake as on account of the logic 
contained and exemplified in it. I once made this remark in the 
Professors’ Common Room of University College, when an old 
_ colleague of his turned round and said, ‘ You are quite right ; he told 
me so himself.’ 

‘In this work De Morgan did not stand alone; we may almost take 
him as a type of his period. It has often struck me as a noteworthy 
fact that in England, after a long pause in mathematical activity, 
the work taken first in hand was investigation into the very bases of 
Mathematics, and more particularly into mathematical reasoning. 
These investigations became partly a mathematical analysis of Logic 
itself, and partly a logical analysis of the laws followed by the symbols 
and operations used in Mathematics. De Morgan worked in both 
directions ; we have his ‘ Formal Logic’ and his ‘Double Algebra.’ 
Operations were studied quite independently of the meaning given to 
the symbols. Originally, the symbols stood for concrete things, and 
each operation had its concrete meaning. At present, symbols are 
sometimes used without giving them any meaning whatsoever, and 
without defining them at all; and then the operations for combining 
these symbols are arbitrarily defined, with the sole restriction that 
they do not contradict each other. 

“Hach new set of operations thus establishes a calculus. If after- 
wards any entities can be found which can be combined by operations 
answering the characteristics of the operations used in the new 
calculus, then the latter may be employed for a theory of those 
entities, and its results will allow of aninterpretation. These entities 
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themselves may be anything—concrete things, or logical concepts, or 
ordinary algebraical quantities. 

“Thus the ground was already prepared for greatly extending the 
realm of Algebra, and the scope and power of algebraical operations, 
when the'genius of Prof. Cayley conceived the idea of Invariants, 
which has given rise to that marvellous growth of our science which 
has suddenly brought England again far to the front. 

“Tt was known from Gauss’s investigations that for Quadratic 
expressions a certain combination of its constants, its determinant, 
exists which has the following property :— 

“Tf the Quadratic expression be transformed into another by a 
linear substitution, then the determinant of the transformed expression 
is obtained from that of the original expression by multiplying it by 
a factor which depends solely on the substitution used. 

“ Afterwards Hisenstein discovered that a similar theorem holds 
for a cubic expression of one variable. These isolated facts suggested 
to Cayley that combinations of constants having this property must 
exist for all algebraical expressions. The problem was, how to find 
these. 

“The manner in which this has been solved I need not restate 
here, but I wish to call your attention to the fact that the symbolic 
methods worked out by the school of mathematicians referred to have 
been of the greatest use in the development of the’ Theory of In- 
variants, which could scarcely have been brought to its present per- 
fection without it. 

“Tt would be an impertinence for me to say much either in praise 
of Prof. Cayley’s work or in justification of the Council’s choice. 
Prof. Cayley has invented and worked out the Theory of Invariants, 
and, in steady life-long work, connected it with nearly every branch 
of Mathematics, enriching everything he touches, and everywhere 
throwing open new vistas of future work. 

“The Council of the Mathematical Society, in selecting Prof. 
Cayley as the first recipient of the De Morgan Medal, and thus doing 
homage to his genius, did so not so much with the idea that it could 
add honour to his name, as that they might add honour to the Medal, 
by connecting his great name with it, and thus increase its value for 
all future recipients. And it is befitting that a body like the London 
Mathematical Society should give formal expression to the reverence 
and admiration in which it holds the greatest among its members. 

“T shall now have the honour, the greatest which has ever fallen 
to me, of handing this medal to Prof. Cayley, and I call upon him to 
receive it. 


‘ Professor Cayley, I hand this medal over to you, in the name of 
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the London Mathematical Society, as a token of their respect and 
admiration.” 


Prof. Cayley briefly returned thanks, and waived all claim to 
priority of discovery of Invariants.* 

The Treasurer (Mr. A. B. Kempe) read his report. Its reception 
was moved by Mr. 8S. Roberts, seconded by Prof. Greenhill, and 
carried unanimously. 

At the request of the Chairman, Captain P. A. Macmahon, R.A., 
consented to act as Auditor. 

From the Report of the Secretaries, it appeared that the number of 
members since the last General Meeting, held November 8th, 1883, 
had increased from 159 to 173, of these 61 being Life Members. 


The Obituary of the Society comprised the following names :— 


Dr. Isaac Todhunter, F.R.S., elected June 18th, 1865, died March 
Ist, 1884. 

C. W. Merrifield, F.R.S., elected March 19th, 1866, died January 
Ist, 1884. 

Rev. R. Townsend, F.R.S., elected April 16th, 1866, died October 
17th, 1884. 

R. C. Rowe, M.A., elected November 13th, 1879, died September 
21st, 1884. 


The following communications had been made :-— 


Symmetric Functions, and in particular on certain Inverse 
Operators in connection therewith: Captain P. A. Mac- 
mahon, R.A. 

On a Certain Envelope: Prof. Wolstenholme, D.Sc. 

On certain results obtained by means of the Arguments of 
Points on a Plane Curve: R. A. Roberts, M.A. 

Multiple Frullanian Integrals, Part iii.: E. B. Elliott, M.A. 

Note on Jacobi’s Transformation of Elliptic Functions: 
J. Griffiths, M.A. 

Symmedians and the Triplicate-Ratio Circle: R. Tucker, M.A. 

The Form of Standing Waves on the surface of Running Water : 
Lord Rayleigh, F.R.S. 

A Method of finding the Plane Sections of a Surface, and some 
Considerations as to its extension to Space of more than 
Three Dimensions: W. J. C. Sharp, M.A. 

On a Deduction from the Elliptic-Integral Formula 

y = sin(A+B+C+4...): 
J. Griffiths, M.A. 


* (Of. Dr. Salmon’s “ Lessons on Higher Algebra,” pp. 103, 295.] 
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An Extension of Pascal’s Theorem to Space of Three Dimensions ; 
and on the Theory of Screws in Elliptic Space: A. Buch- 
heim, B.A. 

On Contacts and Isolations, a Problem in Permutations : 
H. Fortey, M.A. 

On the Induction of Electric Currents in Cylindrical and 
Spherical Conductors: Prof. H. Lamb, M.A. 

On a Group of Circles which are connected with the Triplicate- 
Ratio Circle: R. Tucker, M.A. 

On the Intersections of a Triangle with a Circle: H. M. Taylor, 
M.A. ) 

On the Function which denotes the difference between the num- 
ber of (4m-+1)-divisors and the number of (4m + 3)-divisors 
of a Number: J. W. L. Glaisher, F.R.S. 

On a General Theory including the Theories of Systems of Com- 
plexes and Spheres: A. Buchheim, B.A. 

On the Square of Huler’s Series: J. W. L. Glaisher, F.R.S. 

Further Results from a Theory of Transformation of Elliptic 

‘Functions: J. Griffiths, M.A. 

Note concerning the Pellian Equation: S. Roberts, F.R.S. 

On the closed Link Polygons belonging to a system of Coplanar 
Forces having a Single Resultant: Prof. M. J. M. Hill, M.A. 

On the direct Application of the Principle of Least Action to 
Dynamical Analogues, Parts i., ii.: Prof. J. Larmor, M.A. 

On Double Algebra: Prof. Cayley, F.R.S. 

On Direct Investigation of the Complete Primitive of the Equa- 
tion F(a, y, 2, p,q) = 0, with a way of remembering the 
Auxiliary System: J. W. Russell, M.A. 

On Hlectrical Oscillations and the effects produced by the 
Motion of an Electrified Sphere: J. J. Thomson, F.R.S. 
Motion of a Network of Particles, with some analogies to Con- 

jugate Functions: H. J. Routh; D.Sc., F.R.S. 

On a Subsidiary Elliptic Function pm (u,k): J. Griffiths, M.A. 

On the Homogeneous Equation of a Plane Section of a Geo- 
metrical Surface: J. J. Walker, F.R.S. 

On a Birational Transformation of Space of Three Dimensions, 
of the Sixth Degree, the Inverse of which is of the Fifth: 
Prof. Cremona, F.R.S. 

Some Properties of Two Lines in the Plane of a Triangle : 
R. Tucker, M.A. 

Note on the Induction of Electric Currents in a Cylinder placed 
across the Lines of Magnetic Force: Prof. H. Lamb, M.A. 


Minor communications were made by Prof. Sylvester, F.R.S., and 
J. Hammond, M.A. 
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Additional exchanges of Proceedings were made with Dr. Bierens 
de Haan (Nieww Archief vur Wiskunde), and Prof. Liguine (Mathe- 
matical Society of Odessa)*. 

The same journals had been subscribed for as in the preceding 
Session. 


The meeting then proceeded to the election of the new Council. 
The Scrutators (Mr. G. Heppel and Prof. M. J. M. Hill) having 
examined the Balloting Lists, declared the following gentlemen duly 
elected :— 

President, J. W. L. Glaisher, F.R.S. ; Vice-Presidents, Dr. Henrici, 
F.R.S., Prof. Sylvester, F.R.S., J. J. Walker, F.R.S.; Treasurer, 
A. B. Kempe, F.R.S.; Hon. Secs., M. Jenkins, M.A., and R. Tucker, 
M.A.; other members, Prof. Cayley, F.R.S., Sir J. Cockle, F.R.S., 
— #. B. Elhott, M.A., Prof. Greenhill, M.A., J. Hammond, M.A., Prof. 
Peeeliact MAS Dr. Hirst, W.K.S:, S- Roberts, F-R.S., RB. FE: 
Scott, M.A. 

Dr. Henrici having thanked the members for “ the kind indulgence 
they had shown him” during his Presidency, Mr. J. W. Ll. Glaisher 
then took the chair, and thanked the Society for the high honour 
they had conferred upon him. 


Mr. Tucker read abstracts of the following papers :— 


On the Theory of Screws in Elliptic Space (Supplementary 
Note), and on the Theory of Matrices: Mr. A. Buchheim. 

On Sphero-Cyclides: Mr. H. M. Jeffery. 

Results from a Theory of Transformation of Hlliptic Functions : 
Mr. J. Griffiths. 

On the Limits of Multiple Integrals: Mr. H. MacColl. 

On the Motion of a Viscous Fluid contained in a Spherical 
Vessel: Prof. H. Lamb. 

On Certain Conics connected with a Plane Unicursal Quartic: 
Mr. R. A. Roberts. 

Note on Elliptic Functions, on an Integral Transformation, and a 
Theorem in Plane Conics: Mr. A. Mukhopadhyay. 


The President (Dr. Henrici taking the Chair) then read a paper 
on Certain Systems of qg-series in Elliptic Functions in which the 
Exponents in the Numerators and in the Denominators are connected 
by Recurring Relations. 


* For list of exchanges, see Vol. xiv., p. 316. 
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The following presents were received :— 


‘¢ Educational Times,’”’ for November. 

“Scientific Transactions of the Royal Dublin Society”? (Series 1.), Vol. 1., Parts 
XX.—xxv.; Vol. m1., Parts 1.—111. 

‘‘ Scientific Proceedings of the Royal Dublin Society”? (New Series), Vol. 11., 
Vol. vi., vu. ; Vol. 1v., Parts 1.—1Vv. 

‘¢ Smithsonian Report for 1882,’’ 8vo ; Washington, 1884. 

‘Bulletin des Sciences Mathématiques et Astronomiques,” October and 
November. 

‘¢ Beiblatter zu den Annalen der Physik und Chemie,’’ Band vi1r., No. 10, 1884. 

“¢ Archives Néerlandaises des Sciences Exactes et Naturelles,’ T. xrx., L. 3; 
Harlem, 1884. 

‘‘ Jahrbuch tiber die Fortschritte der Mathematik,’ xiv. 1, Jahrgang 1882 ; 
Berlin, 1884. 

“‘Cours de Mécanique,”’ par M. Despeyrous, avec des Notes par M. G. Darboux, 
Tome 1., 8vo; Paris, 1884. 

‘‘ Crelle,’’ Bd. xcvit., Heft 3. 


M. E. Lemoine presented the following pamphlets :— 


Association Francaise pour l’Avancement des Sciences : 

Congres de Lyon, 1873—‘‘Sur quelques propriétés d’un point remarquable 
d’un triangle.” 

Congrés de Lille, 1874—“ Note sur les propriétés du centre des médianes anti- 
paralléles dans un triangle.’’ (Sutte.) 

Congrés de Nantes, 1875—‘‘ Note sur le tetraédre dont les arétes opposées sont 
égales deux a deux.’’ , 

Congrés de Reims, 1880—‘‘ Questions de Probabilités et valeurs relatives des 
pieces du Jeu des Echecs.”’ 

Congrés d’ Alger, 1881—‘‘ Quelques questions de géométrie de position sur les 
figures qui peuvent se tracer d’un seul trait.”’ 

Congrés de Rouen, 1883—‘‘ Sur les quatre groupes de deux points d’un tri- 
angle 4 BC qui sont en méme temps les foyers d’une conique inscrite et 
dune conique circonscrite 4 ce triangle,” et ‘Sur les nombres formés des 
mémes chiffres écrits en sens inverse.”’ 

‘* Bullétin de la Société Mathématique de France,’’ 1888—‘‘ Quelques questions 
de Probabilités résolues géométriquemont.’’ 

“ Journal de Mathématiques spéciales,’’ 1883—‘‘ Nouveaux points remarquables 
du plan d’un triangle.’’ 

‘“‘ Mémoires de la Société des Ingénieurs civils’”? — ‘‘Note sur le losange 
articulé du Colonel Peaucellier.” 

‘Nouvelles Annales de Mathématiques,’’? 1884 — ‘Sur une question de Pro- 
babilité.’’ 

‘‘ Comptes Rendus,”’ Oct. 1882— Décomposition d’un nombre entier WV en ses 
puissances mitmes maxima,”’ 
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On Certain Conics connected with a Plane Unicursal Quartic. 
By R. A. Roserts, M.A. 


[Read Nov. 13th, 1884. ] 


1. The object of the present paper is to demonstrate the existence 
of conics which are related to a unicursal quartic in such a manner 
that an infinite number of closed polygons can be simultaneously cir- 
cumscribed about them and inscribed in the quartic. I have found 
that certain conics touching two double tangents and the curve twice, 
and certain other conics touching the curve four times, are connected 
with the quartic in this manner, if a further condition is satisfied. 
This condition depends on the number n of the sides of the polygon, 
and will give a finite number of conics for each value of x. 


2. Suppose a conic U referred to two tangents x, y, and z, their 
chord of contact, to be written in the form z’—4vy = 0, then any 
tangent will be pwew—yuzty = 0, and, if m,, w, are the parameters of 
the tangents passing through the point 2, y, z, we may write 


pe = 1, py = My pla, PZ fy beg srecerssecereveens (1); 


and hence we may consider p,, fy aS a system of coordinates deter- 
mining the position of any point on the plane. This system has been 
used by Darboux (“Sur une classe remarquable de courbes et de 
surfaces algébriques,” p. 183) in investigating some properties of 
polygons circumscribed about a conic and inscribed in another curve. 
Now, if we write f (4,), f(u,), where f is an arbitrary function, for 
uu, and p, respectively, we have a transformation by which a given 
curve will be transformed into another, and, in particular, any tan- 
gent to U will be transformed into the product of as many tangents 
to U as the equation f(m) = a constant has roots. 


3. Let us consider now the quadratic transformation 


_ atbutcp* 

FT (ue) = +0 pte pe Desliy Mase sonia ss tiers i 0) 
then it is evident from (1) that the coordinates of any point on the 
transformed curve are expressed as functions of the second degree of 
those of the point on the given curve; and, hence, the transformed 
curve will be, in general, of double the degree of that of the given 
curve, and will have the same deficiency. Now, it is to be ob- 
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served that, if we substitute a homographic transformation for p, this 
is only equivalent to a change of the axes of coordinates. It will 
follow hence that the transformation (2) is reducible toa transforma- 
tion in which we substitute their squares for p,, w,, respectively. In 
this case, if a, 6, y is a point on the given curve, and 2, y, z the 
corresponding point on the transformed curve, we may write 


Pit a, Py, epee 1 OO ee ee ae 


4. If we suppose the point a, 3, y to lie on a general conic V, a, /, 
y can be expressed as quadratic functions of a parameter, and 2, y, % 
will then le on a unicursal quartic. Since the conics UV and V and 
the point «y involve twelve constants, and a unicursal quartic involves 
eleven, it follows that, when the quartic is given, the conic U involves 
but one indeterminate constant, and, therefore, satisfies four condi- 
tions. It is easy to find what these conditions are; for from (3) we 
see that w, y, which are tangents to U, are also double tangents to the 
quartic, and, since we have 


p (2—4ey) = p°U = y’ (y’—4af3), 


it follows that U has double contact with the curve. Now, we have 
seen that to a polygon circumscribed about U corresponds a polygon 
also circumscribed about U, and, if the former polygon be inscribed in 
V, the latter polygon will be inscribed in the quartic; and we know 
that, in order that this should be possible, it is only necessary that U 
and V should be connected bya single relation. This relation, which 
depends upon the number of sides of the polygon, will evidently serve 
to determine a finite number of conics, such as U, connected with 
the quartic. 


5. We can verify from (8) that a tangent to U meets the quartic 
in a pair of points whose parameters are connected by a relation of 
the same nature as that which connects the pair of points where the 
tangent meets V. Let a tangent to U be written p’e—psty = 0, 
then, for the four points where it meets the quartic, we have 


a+ B—p (7?—2aB) = 0, 
which breaks up into the two quadratics 
HatPptVpy=0; 


but these are evidently the equations which we should get to deter- 
mine the points where the tangents pa ./uzty=0 meet V. If $ 
is the parameter involved in a, 6, y, this relation connecting either 
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pair of points may be written in a form involving elliptic integrals as 


LAr — eS a = 
V (vy; —4a, 2) V (3 —4a2P2) 


follows: 0. 


6. Since a unicursal quartic has four double tangents, there are 
six pairs of such lines, and thus we have six distinct systems of conics 
of the kind found above. To investigate the conditions corresponding 
to a given number of sides of the polygon, I write the equation of 
the quartic in the symmetrical form 


Af ite ead 2 tind hem Ole ey aes eesucsseatars( At), 


where 2, y, z, u are the four double tangents, and are connected by 
the identical relation 


ax+by+cz+du = 0. 
_ When the curve is written in this form (4), it is easy to see that 
Sats (@ty—s—u—-2V 20) Fy =O reeeccerereeee(B) 


represents a conic touching the lines z, wand having double contact 
with the curve, and belongs to the system we have been considering. 
It may be observed that we can show, from (9), that the chord of 
contact with the curve is y—S’w = 0, which therefore. passes through 
the fixed point ay; also, that the chord of contact with the double 


tangents is Sats (ety—z—u)ty =), 
which touches the conic 
(a+y—z—u)? = 4ay. 
Putting now e+ tety—e—u — wis 


the equation (5) becomes v’—Azu = 0, 
and this coincides with the conic U. By means, then, of the substi- 
tutions Set ee me TRG Dee ys co en ates es (6), 
[see (3),] we must be able to transform the quartic 

Va + SHY + Ve+/u =0 


back into the conic V. From (6), we get 


v—22u = Sai + otety—@+e), 
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and Via + /y = 2-u; 

hence ve = Se + ss +a +y'— (Sa + Sy)’, 
d Uy EN 

an. v=J/ (Se) J ( . ) 

We thus find 


vt GO = m/e, v—(4—u) f/S =—mVy ; 


but we have aa’ + by’ +c#+du = 0; 
hence we get, finally, 


2(a—bS 2 (a+b? 
+(a+b) w+ aie v (2—u)— auth zu = 0; 


where m= ee Forming now the discriminant A of V+AU, we 


get A proportional to 
AN! +4? (+3) (+2) =) CFS) fed (148)"+ (c+ d)(a-+b8*)—4ab3} 
4 
_ at (abe+bed+cda+dab). 


We may simplify this expression by putting 
eee 
s 
when A is found to vary as 
Ake +4 (a+ 03) kh? —{(ed+be+bd) 3?+2 (cd—2ab) $+cd+actad)k 
—3 (1453) (abe+ bed+cdat dab) w.ccscccovsscseeee(Z). 
Now, when the discriminant of V+)U is written in the form 
AN + B+ OA+- D, 


the condition that it should be possible to circumscribe a triangle 
about U which shall be inscribed in V is B°—4A0=0. Hence, in 
this case, we get from (7), to determine 9, 


(Ba oy(ber ay Ste (ed =ah) 9 Cae) (oe (8). 
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There are, therefore, two conics of each of the six systems which 
touch the sides of an infinite number of triangles inscribed in the 
quartic. For the quadrilateral, we have 


B’—4ABC+8DA’ = 0, 
and we get then from (7), to determine S, 


(a+bS)*+ (a+b3){(cd+be+bd) 3?+2 (ed—2ab) $+ced+ac+ad} 
—25 (143) (abe+ bed + cda+dad) = Ove seeeree(9)- 


From the general conditions given by Professor Cayley, we find 
that for n, an odd number, = 2m+1, the degree of the equation for S 
is 2.4.6...2m; and forn, an evennumber, =2m,is1.3.5...2m—1. 


7. Ina paper published by me in the Proceedings, “On Certain 
Results obtained by means of the Arguments of Points on a Plane 
Curve,” Vol. xv., p. 4, I have shown, in § 17, that the tangents to a 
certain system of conics touching a bicircular quartic four times, 
meet the curve in pairs of points whose parameters are connected by 


the relations UtuU,=0, Uwtu,=w-—e 


where o depends on the undetermined constant in the equation of the 
conic, and w is an absolute constant of the curve. These relations 
(8) will enable us to determine conics of the system which touch the 
sides of an infinite number of polygons of an even number of sides 
inscribed in the curve. As, for instance, for a quadrilateral, if a, b, 
c, d are the arguments of the vertices, we have 


at+tb=o, b+c=w-o, c+td=ca, dt+a=w-—s, 


whence, to determine o, we get 4¢ = 2w. The argument uw, which 
for the binodal quartic is an elliptic integral, reduces for the trinodal 
quartic to a circular function ora logarithm. I proceed to investigate 
this result independently for the trinodal quartic. Let a, 3, y be 
quadratic functions of a parameter 3, then the equations 

Preity Me aay ae tony 1 ee re a, (11) 


represent a unicursal quartic which the conic z’—4ay = U, say, touches 
four times. Seeking, then, the points where the tangent to U, 


pa—pety = 0, 
meets the curve, we get, from (11), 


way +By—p(y'+aB) = 0, 
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which breaks up into the factors 


(> — 1c) (ue [3 ) Se Un ce aoe aap gate eel ee 


showing that the parameters of the corresponding pairs of points 
belong to systems in involution. If we suppose the roots of y to be 


0,co,andput a=Y+pst+q, B=S+p34+ 9, 

we get, from y—pa = 0, J132 = 

and from py—fP = 0, Sei al bo 

Now, if any line lv+my+nz = 0, meet the curve, we have from (11), 


3 (la +m) +n (S'+af3) = 0, 


from which we see that the four parameters are connected by the 
relation $,5,5,5, = qq’. We see thus that gy’ is a constant belonging 
to the curve and independent of the particular conic, and may there- 
fore be put equal to unity. Hence, for a polygon of 2n sides, we put 


1 1 
SESE) == 3253 — ‘on ove Son V1 — @? 


from which we get g”—1=0. The factor g’—1 is irrelevant, and, 
as g and 2 lead to the same conic, there would appear to be n—1 
q 


solutions. We must, however, diminish this number by the solutions 
corresponding to a lesser number of sides of the polygon, if there are 
primes contained inv. Thus, for n= 2, there is but one conic, and 
for n = 8, there are two conics. Also for n = 4 and 5, there are two 
and four conics respectively. 

We can easily show that there are three distinct systems of conics 
of the kind which we have been just considering. For, from (11), we 
see that wy is a node whose parameters are given by y = 0, and, from 
(12), y belongs to both the involutions. There are, therefore, three 
systems corresponding to the three pairs of nodes. 


8. The conics of the two different kinds mentioned in §1 are the 
only systems I have been able to discover that touch the sides of an 
infinite number of polygons inscribed in the general unicursal quartic. 
For unicursal quartics, however, satisfying certain invariant condi- 
tions, other conics can be found. Tor instance, if the quartic can be 
written in the form 

wa — 2 Or), sever dele eter aye an eee 


the conic touching the lines 2, y, 2, u, v will touch the sides of an in- 
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finite number of quadrilaterals inscribed in the curve (see p. 186, 
Darboux, “Sur une classe remarquable de courbes et de surfaces 
algébriques”’). 

If the trinodal quartic 


pat a +a7y? + 2ay2z (awt+tby+cz) = 0 


is capable of being written in the form (18), it is easily seen that we 
must have c=1-+ab, or either of two similar relations. 


9. The investigation in §6 will include the case of a quartic with 
a triple point. For the equation (4) will represent such a quartic, if 
a+b+c+d= 0, the triple point being x=y=z=u. The equation 
(8) then gives ($+1)? = 0, and is irrelevant, showing that there are 
no conics which touch the sides of an cinta number of.triangles 
inscribed in a quartic with a triple point. 


On the Theory of Screws in Elliptic Space. (Supplementary Note.) 
By Artuur Bucuuem, M.A. 


[Read November 13th, 1884.] 


At the January Meeting of the Society, I read a paper “ On the 
Theory of Screws in Elliptic Space,’ which has since appeared in the 
Proceedings. My object was ‘“‘to show that the Ausdehnungslehre 
supplies all the necessary materials for a calculus of screws in 
Elliptic Space.” When I wrote that paper, I did not see how the same 
methods could (except in one obvious and unsatisfactory way) be 
extended to other kinds of space. In a paper on biquaternions, 
which is to appear in the American Journal of Mathematics, I have 
developed Clifford’s calculus, in such a way as to make the methods 
and formule apply simultaneously to the three kinds of uniform 
space. While writing that paper, I saw how Grassmann’s methods 
may be extended so as to give the metric formule for all kinds of 
space. This extension I explain in the present note. 

The fundamental idea of the extension in question is that the sym- 
bol K no longer denotes the Hrgdnzung (complement) of a figure, but 
its polar with respect to the absolute. Besides this extension of the 
Ausdehnungslehre, I give a few kinematical investigations. 
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1. 

In this note I use Professor Cayley’s matrix notation, especially as 
applied to quadrics. Judging from the look of some recent work on 
Theta Functions, this notation does not seem to be as well known as 
it should be; I accordingly begin by explaining it. 

Consider any symmetrical (or, as I prefer to call it, self-conjugate) 
matrix, and the substitution defined by it. To fix the ideas, suppose 
we have four variables; we take 


(21, 69) &s, EJ=(a h g ot q @, Woy Wey V4). (*) 


h 6 f ™m 
g african 
Lmnd 


Now, using £ to denote the set (&,, &, &, &,), and, in the same way, using 
« to denote the set (a,, x2, v3, %), and using A to denote the matrix of 
the substitution, I write this equation 


&= Az, 
viz., this is a symbolic equation, to be understood as standing for the 


developed equation (*) above. 
Now, let y be a new set: that is, we write y for (41, Yo, Ys) Ys), and 


define UY SLY, HU gYq + UY g TVs g- 
Then we get wi = (abcdfghlmn 0) a, X_, Xs) %,)*- 
But we had Ce Age 
Therefore, writing Ax’ for (Ax) a, we can say that, if A denotes the 
matrix 
(Qa pling S12) 
jee ay on 
ff cen 


Lat fo 


then we can use Az’ to denote the quadric 
(abcdfghlmn 0 %,, Xe, Xs, U4). 


I call A the matrix of the quadric, and shall refer to the quadric as 
the quadric A. 

It is hardly necessary to point out that, if w is a point, é is its polar 
plane with respect to the quadric A, and that the “‘ tangential” equation 
is A“ = 0, or that what precedes applies to sets containing any 
number of letters. 
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2 


As before, I denote the points of reference by @,, @, es, €4, and the 
complement (Hrgdnzung) by K. I call to mind that, if the four co- 
ordinates of a plane are ,, &, &, &, the plane itself is 


é= §, Ke, +é, Ke,+é, Ke,+é, Ke,. 


Now consider the polar plane of e, with respect to the quadric A of (1) ; 
its coordinates are (ahgl): that is, the plane is 


aKe,+hKe,+ 9Ke,+lKe, ; 


and we get similar expressions for the polar planes of the three other 
vertices of the tetrahedron of reference. 


We shall take the quadric A as absolute, and we denote the polar 
planes of e,, &c. by we, &c. We have, by what precedes, 


(we,, we,, wes, we) = (a h g 1 & Ke, Ke,, Kes, Ke,) ; 


™~O aS 
Sno 


say, this is 
(we,, weg, wes, we,) = (AX Ke, Ke,, Ke;, Ke,), 
and then, if we define that 


WD2; eC; = Sa, (we;), 


w is obviously an operator which changes any point into its polar. 
In exactly the same way, if we,e,e, denotes the pole of e,¢,¢, 
and wee, denotes the polar of e,e;, we get 


fe 
(We:ls€4, WEsC)C4, WEEE, WE3e2€,) ae (A i C1) Cay Cg, C4), 
LA 
(weses, WE3C1, WE{Cg, WE,C4, WC2C4, WEZ€,) = (A (i C1l4y Only slg, Cn€3y Sxl» C122) 


where A’, A” are self-conjugate matrices of the fourth and sixth sides 
respectively, and are, in fact, the matrices of the plane and line 
equations of the absolute. 

If A is the matrix unity, A’, A” are also the units of their own orders, 
and each equation of the absolute is of the form =a = 0, and then we 
have simply » = K; and for any other form of the absolute w has the 
same meaning as & has for the special form. 

Now, though the absolute was not explicitly used there, it is toler- 
ably obvious that all the formule: of the paper on the Theory of Screws 
in Elliptic Space have reference to this special form of the equation of 

VOL. XVI.—NO. 234, 0 
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the absolute. To see this, we have only to consider the expression for 
the distance between two points; this is given by 


akKy 
V eKa/yKy 


— 1 Yy To Yo TF Us Yat U4 Ya a 
2 2 
(x +e,ta,tes) (yitystystya) 


But this is what the ordinary expression for the distance becomes if 
we take #{+2,+2,+2, = 0 as the equation of the absolute. 

It is now obvious that the formule of the paper become applicable 
to any form of the equation of the absolute, provided that for K, de- 
noting the complement, we substitute w, denoting the polar with respect 
to the absolute. 

IT use w partly because it is necessary to have two symbols for the 
two things, and partly to make the formule look like the biquaternion 
formule of the paper above referred to. In the following section, I 
take a special form of the equation of the absolute, and show how we 
get formule applicable to the three kinds of space. 


3. 


I shall now, to my own and my readers’ relief, discard suffixes, and 
use the ordinary notations (wyzw) for the coordinates of a point, and 
(lmnp), (abcfgh) for planes and screws respectively. I also use a, B, 
VW OMLOT 07,0) 1€450,- 

Let the point equation of the absolute be 


cos (zy) = 


e (e?+y'+27)+w' = 0. 
Then the plane equation will be 
P+m?+n>+ep* = 0, 
and the line equation will be. 
P+ePth +e (v?+b?+c’) = 0. 
It is obvious that e? = +1 gives elliptic and hyperbolic space. It is 


not quite so obvious that e? = 0 gives parabolic space, if w = 0 is the 
plane infinity; but it is not hard to see if we remember,— 


(1) That the absolute is a curve, viz., the “ circle at infinity ” taken 
twice over, so that its point equation is (plane infinity)’ = 0; 

(2) That therefore a line touches the absolute if it cuts the “ circle 
at infinity”; and that 


(3) f, g, h are proportional to the direction cosines of (abcfgh). 


——-- 
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We have 


(wa, wf, Wy, wo) = (é, UU. 


0 q Byd, yad, a/30, ya), 
0, e’, 0,_0 

0 

] 





0, 0, a 
0, 0, 0, 
(wBy6, wyad, waf30, wyBa) = (1, 0, 0, 0 q a, B, %) 0), 
Oe Oy) 
OU a0 
0-0; 20; 8? 
(wBy, wya, wa, wad, wd, wyd) = C0; 0905-2; 0, 0 y By, ya, a/3, 
On 008 Os02" 20 ao, (0, y°) 
0, 0;.0, 0, 0; 2 
TO 7 02.05,. 057.0 
Ose O48 On, On-0 
Onl Os-0 0 
It is necessary to change the definition of [ab] (p. 91) and to write 
ae a “E(ab) 9 
esine [ab] = TaTy CC (9), 
where, of course, Ta =+Va.wa. 


To show how the formule apply to parabolic space, I take the ex- 
pression for the distance between two points and the expression for 
the axis of a screw. 


We take a = (ayzw), b = (a’y'z'w’) ; and we must remember that, 


in parabolic space, w = 0 is the plane infinity, so that w = const. for 
all points not at infinity, and we can take w = 1. 


We have 
a= vatyp+e2y+wo, 
wa = eupydteyyad+ ezajsd+wyfa. 
Therefore T’a = awa =e (a? +y7+27) +". 


Moreover, if (abcfgh) are the coordinates of the line ab, we get easily 


T’ (ab) =f?+97?+h+e' (a?+b?+c’). 
c 2 
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Therefore, putting in the values of the coordinates, we get 


[ aw —2'w)+ (yw —y'w)? + (aw —2w)? | 
+ef (yz! —y'z)* + (za —¢ 2)? 4+ (ay’—a’y)*} 


(e@+y +A) tw} @t+y2+2) +07} 
Now, if we take e = 0 and w= w’= 1, we get 


[ab} = (@—a + (yy) + G2)’, 


Oc sine hau} — 


which is right. 


Now take the expression for the axis of a screw: using (0) above 
‘instead of the equation on p. 91, the expression for the axis on p. 94 


€ f  € 
becomes b = acos% —e" wasin 

2 2 
2 


. a 
where e~* sin ep = —. 
Ta 


Now we need only consider the case e = 0, and then we have 





b=a-— nee 
a= sO, 
% = Fy? 
a 
or b= a— Fra, Od = AN. wo Bay. 


Now let the coordinates of a be (abcfgh): then the coordinates of wa 
are (ef, eg, eh, a,b,c), and we get, since e = 0, 


b = (a, b, c, f—Aa, g—AL, h—2ce). 





! 2 (af+bg+ch) 
But Ne A eae 
Ei OTa 2 (f+g?+h) 
Now, in a paper “On the application of Quaternions to the Theory 
of the Linear Complex and the Linear Congruence” (Mess. of 
Math., Vol. x11, p. 129), I have (allowing for a mistake in sign) given 


hier 
B 


as the vector coordinates of the axis of the screw (a, (), where 
a= fitgjthk, B=ai+bj+ck: and these values obviously agree with 
the value of b just given. There are one or two points in which the 
formule of the paper on the Theory of Screws require modification. 


B, a 2B 
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The two conditions for parallelism are 
a + e'wa =X (b + e7 lub), 
and the definition of a vector is 


at e wa = 0. 








-1 
Writing —E= nS a 
= l—ew 
n bras 9 5) 


I find it convenient to replace Clifford’s right and left by £, n used 
as prefixes: that is to say, a, b are é-parallel if a = Agb, and a is a 
é-vector if a = 0: there are, of course, corresponding definitions of 
7-parallels, and of the 7-vector. 

It is easy to prove and important to notice, that, if a, b are any two 
screws, we have 

wa.wb =e? (ab). 

For the next section the following definitionand theoremare required : 
—lIf x is any point, and if a is any screw, za is called the plane cor- 
responding to # with respect to a: if a is a line, wa is the plane joining 
2, @: in the same way, if 2 is a plane, we havea point wa which, in the 
case in which a is a line, becomes the point of intersection of the line 
and plane. 

If « = (ayzw) and a = (abcfgh) and wa = (lmnp), we have 


(lImnp)=( 0, h, —g, a & vyzw). 


male Od oes poles 
q; Satis She Re 
—a, —b —c, 0 


If (eyzw) is on the line (abcfgh), (lmnp) = 0. 
The plane (Imnp) always passes through (eyzw). 


4. 


A motion* is defined as a linear transformation not altering the 


absolute: therefore, if (wyzw) moves to (a’y'z'w’), we have 
(a’y’e'w’) = (14+ XYayzw), 
where X is a matrix. 


I now suppose the motion to be infinitesimal, and for 1+ X I write 





* Of. Lindemann, Math. Ann., Band vit. 
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A+e, where A is a scalar matrix, differing infinitesimally from unity, 
and e is an infinitesimal matrix to be determined. Now let A be the 
matrix of the absolute: then, since A+e is to be an automorphic of A, 
we have, using e’ to denote the conjugate of e, 


(A+¢) A(A+e) = pA, 


p being a scalar, and p—1 infinitesimal; multiplying out, and neglect- 
ing infinitesimals of the second order, we get 


VA+eA+ Ac = pA. 
Therefore all the conditions of the problem are satisfied, provided we 
take Aap, 
Ae+eA = 0. 


Now this last condition asserts that Ae is a skew matrix, say 


(252.0 Si aiear— Gods): 
—h -0 f Bb 
Ae oat Se PM lomed 5 a AUP 
—a —b —c 0 


Then, if 7 (wyzw) represents a plane, e (wyzw) = An (xyzw) will 
represent the pole of that plane. Now we have 


(a’y’2'w’) = d (wyzw) +e (wyzw), 


that is, the new position of the point (wyzw) is on the line joining the 
point to the pole of the plane  (wyzw) ; but it is obvious, from (8), 
that this plane is the plane corresponding to (#yzw) with respect to 
the screw (abefgh) ; moreover the line joining any point to the pole 
of a plane is (by definition) at right angles to the plane. Combining all 
this, we get the theorem :—Hvery infinitesimal motion of a rigid body 
is defined by a certain screw, in such wise that every point of the 
body moves along the normal to the plane corresponding to the point 
with respect to the screw, and that every plane of the body turns 
about the normal to the point corresponding to the plane with respect 
to the polar screw. 

On this I remark :—(1) The second part is inserted in virtue of the 
principle of duality; (2) The normal to a point, in a plane, is the 
intersection of the plane with the polar plane of the point; (3) If ais 
any screw, wa is the polar screw. 

If a is a line, it is obvious that a point moves at right angles to the 
plane joining it to the line, and that the motion is of the nature of a 
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rotation about the line: for we have 
(a'y'dw) = (A+.AnYayer) ; 


but, if (abefgh) is a line, we have for all points on it » (wyzw) = 0, and 
therefore A~’n (zyzw) = 0, and therefore 


a’y'2'w') = (AVayzw). 

Therefore all points on the line are unaltered, that is to say, the 
motion is a rotation about the line. But it appears, in precisely the 
same way, that all planes through the polar of the line are unaltered 
so that the motion is at the same time a translation along the polar. 
It is a well known and easily proved theorem, that any rotation about 
a line is at the same time a translation along its polar. For, since the 
absolute is unaltered, if a point P moves to P’, the plane wP will move 
to wP’; and therefore, if all points \P,+pP, are unaltered, all planes 
AwP,+puwP, are unaltered: but the points are the points of a straight 
line, and the planes are the planes through its polar; moreover, a 
motion which does not affect the points of a line is a rotation about 
the line, and a motion which does not affect the planes through a line 
- is a translation along the line. The theorem is therefore proved. 


It is worth while to consider space of more than three dimensions. 
It is obvious that all the investigations of this section apply, and we 
get the theorems :— 

“Every infinitesimal motion of a rigid body in a space of m dimen- 
sions is defined by a certain form a of order n—2 in the units of re- 
ference, in such wise that any point « moves along the normal to the 
(n—1)-flat va.” 

“Every rotation about an r-flat is at the same time a rotation 
about the polar (n—r—1)-flat.”’ 


5. 


I now take the equation of the absolute in the canonical form 
(ety? +2) +w? = 0, 


and I take (abefgh) as the coordinates of the screw defining the motion. 


Pe PR ff 


Then, if (wzyzw) moves to (a’'y'zw’), we have 


(wydw)=( A h —g a Q ayzw) ; 

—h nN face O 
LP Mat ie Mattes, AX 
Aas 


—eq —e’b —e’c 
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and then, if (A, B, OC, F, G, H) becomes (4’, B’, C’", F’, G’, H’), we have 


SABCE GH) =CONRS the 9 0M 0) ABCEGH) 
—h, AM) oof —e 2 00s a 
g —f vw b—a 0 
0 e&c—&b N h—g 
—ec 0 ea-—h W fF 
eb —’a O g-—-f ™ 


we can verify at once that the two screws (abcfgh), (ef, eg, eh, a, b, c) 
are transformed into themselves. 

Moreover, it is a known property, which can be easily verified in the 
present instance, that if a transformation of line - coordinates is 
derived, as this is, from a transformation of point-coordinates, then 
AF+BG+CH, and therefore Al”’+A’F4+BG+BG+CH+CH are 
invariants ; therefore, if we call the screw (abcfgh), A, and say that 
two screws #, y are reciprocal (in involution) if zy vanishes, we get as 
the first result that every screw reciprocal to A or to wA is transformed 
into a screw reciprocal to A or to wA. 

Moreover, since A is absolutely unaltered by the motion, the axes of 
A are also unaffected by it, and therefore any point on an axis (plane 
through an axis) is transformed into a point on the same axis (plane 
through the same axis): therefore every infinitesimal motion is a 
rotation about an axis of the screw defining the motion, and therefore 
also a translation along an axis of the screw. 


We get also 
(A’+ cP", B+ eG’, O' + e-'H’) 
= ( ? ske(ctte"h) Fe(b+te'g § Ate 'F, Bte'G, Cte 'A), 
Fe(cteh) ? -e(ate'f) 
te(bte'g) Fe(ate"f) ? 
Therefore 


(1) IfAte'F=Bte'G=Ote1H=0,A te F, Bee, 
O'+ eH’, all vanish: therefore &vectors are transformed into £- 
vectors ; 7-vectors into 7-vectors. 


(2) If Ae lit 9.5 04 GeO bend 
Ate 'F, Bte?G, O,4e 3H) 
we have also 


A’te FR _ Bte'G@ _ Ose H'. 
Ate, Bibel Oetn, 


that is, parallel lines or screws become parallel lines or screws. 
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(8) If ate f= bre 'g = che h=0, 
Bs do A+ eter aanliges ouiGe O' + eH’ —\» 
Ate’F Bte 1G Ote3H — 


Therefore, if the screw defining the motion is a vector, every screw 
becomes a parallel screw. 


I now find the distance through which a point moves. I use 
quaternions to shorten the calculation. 
We have, for the distance between the points, 


[ aw’ —2'w)? + (yw —y'w)? + (zw —2’w)? ] 
9 , , , \o , oN 
sine [PP] = Leo v2) + (ea 20)" Cy oh, 
{e@@+y+e)+uwi}{e @® ty? +2") +w} 
If p=at+yjtek, p=wit+tyj+zk, this is obviously 


ET’Vpp + T° (we'—w'p) 
(T+ o + w") (ep +w) 
Now, in the present case, we have 
(a’y’#w’) = Awthy—getaw, »y+fe—-het+bw, d\2+ge—fy+ew, 
Az— eax —e*by —e’cz). 
Now take a = fitgjt+hk, a= ait+bj+ck: then we have 
p = p+ Vpatwa’, 
w= w+eSpa’. 


We have therefore, if we omit terms which obviously cancel, to 
calculate 


X = €T"Vp (Vpat wa’) +T? (ee Spa’ —wVpa—w’'a’), 

Now the first term is 
TT? (Voa+wa’)—e’S’p (Vpa+wa’) 
= To (T? Vpa—2wSpaa’ + w*T’a’) — ew? S’pa’. 

The second term is 

e* To S’pa’ + 2e’w? S*pa’ + wT” Vpa — 2w* Spaa’ + w'T’a’. 
This gives 

X = (2T’p+w")(T’Vpa + w* Ta’ —2wSpaa’ + eS%pa’) 
= (e7"p+w’) {T? (Vpat+wa’) + €?8’pa'}. 
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Moreover, neglecting terms of the second order, 
eT’) +w? =v (eT"o+w’). 
T’ (Vpa+wa’) + e?S’pa’ (8) 
TAM ee aU ai We ae 
Now introduce the notation of the rest of this paper, calling the 
screw of the motion A, and we get 


Therefore esin?ePP’ = 


Quite ne = “ .sin [PA]. 


If A is a vector, we have a = = ea’, and we get from (0) 





“rhe _ OT Vpd’ +w?T’a' + &S’pa’ 
é : sin? ePP’ = 3 Tpia) 
_ (@T*p +0) Ta! 
Xe (Tp +w’) 
Bd Ly 


= ae 


Therefore the translations of all points are equal. 
Moreover we have 
pw'— ‘w—eVpp’ 
= e’pSpa’ —wVpa—w'a’ —e Vp Vpa—ewV pa 
= epSpa —wVpa+w’a' + ep Spa —eap?—ewVpa’ 
= ep (Spa+eSpa’) —w (Vpat+eVpa’) —(eap? + a'w’). 
Therefore, if a+ea’= 0, we get 
pw’ —p'w—eVpp'= —a’ (w?+ eT’). 
That is, the left-hand side is constant to a factor prés; therefore, if 
the screw of a motion is a vector, the translations of all points are 
parallel. 

In precisely the same way we can prove that, if the screw of a motion 
is a vector, the axes of rotation of all planes are parallel, and that the 
amount of rotation is constant for all planes, and equal to the amount 
of translation of all points. 

Now consider the motion of a line: let the coordinates of the line be 
(ABCFGH), andlet Fi+Gj+Hk =o, Ai+Bj+Ck=p; then, if o’, p’ 
are the corresponding vectors for the new position of the line, we 
have o = e’Vpa' + Voat)’o, 

p = Vpat+ Vaa' + ’p. 
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But e’Vpa’+ Vaa, Vpa+ Varo’ are the vector coordinates of a screw 
which I have elsewhere (in the memoir on Biquaternions, already 
referred to) called the axis of the cylindroid determined by the screws 
(w, p) and (a, a’). 

Therefore we can say that the new position of a line A is in the 
cylindroid containing A and the axis of the cylindroid (Aa) if a is 
the screw defining the motion. 

In conclusion, I prove Professor Ball’s theorem that every é-vector 
is reciprocal to every n-vector. 

Let a be a é-vector, b an n-vector: then we have 


wa = —ea, 
wb = eb. 
Therefore (wa) (wh) = —e’ab. 


But we have universally 
(wa) (wb) = e’ab. 


Therefore, unless e vanishes, 
ab = —ab, 


or Gi U- 


On the Motion of a Viscous Fluid contained in a Spherical Vessel. 
By Horaczt Lams, M.A., F.R.S. 


[Read November 13th, 1884. ] 


In several of the most important problems in Viscosity which have 
as yet been solved, the fluid is supposed limited, whether externally or 
internally, by a single spherical, or nearly spherical, boundary. Tor 
instance, we have the case of a ball pendulum oscillating in an un- 
limited mass of fluid (Stokes), the case of a hollow spherical shell 
filled with liquid, and oscillating by the torsion of a suspending wire 
(Helmholtz), and so on.* In a previous communicationt to the 
Society, I have given formulz by means of which all problems of this 





* See Hicks, ‘‘ Report on Hydrodynamics,” B, A. Rep., 1882, 
t Proceedings, T. xiii., p. 51, 
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kind can be treated in a uniform manner, and have applied them to 
the discussion of the oscillations of a viscous spheroid. As a further 
illustration of the use of these formule, I now investigate the decay 
of the motion of a viscous fluid contained ina rigid spherical envelope 
which is at rest. 

Let us begin with the case of anincompressible fluid. The equations 
of small motion then are (on the usual assumptions), 


ela (me eal, a Vv? 
at ° +vV*u, 
dy 1 dp 1 
ais cali, telior’ ¢ Vv? POR ee NA 03 
dt p we es 
dw 1 dp : 
dt aoe neta) 
a are — eoe cee eee see ooeoes Ree ( ), 


where u, v, w are the component velocities, p is the density, p the 
pressure, v the “ kinematic viscosity,” and V* stands for 
@lde+@ [dy +a dz. 


If we assume that wu, v, w, p all vary as e*, the equations (1) may be 


‘ dd 
written (V?+k?) “u= I? a 
AP CASAC. ne Set, <a ane 
(V+E)v=F dy ? 
_ 2k 
(V+P)wv=F de 
where ? = -alyv TOTP TERTE Ee eh); 
and $= —p] aprerrevee Peper ee od) 
From (2) and (8) we deduce 


Let the origin of coordinates be taken at the centre of the spherical 
cavity. The solutions of the equations (2) and (3) will be of two dis- 
tinct types. In the First Type we shall have 


rahe () (v5.25) Xn 
v= Yn (ler) (2S aS) yb svrrrereereerrsene(Z) 9% 
w=, (r)(oF—97,) Xn 


* (Cf. Proceedings, 'T. x111., p. 57.] 
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where x,, is a solid harmonic of positive integral degree n, and 


hr* 
AUS ie ati a yong + ee ee sevens (8). 


If we assume that there is no slipping of the fluid in contact with the 
vessel, we shall have 


Pe eS Ci Ue 
when 7 = a, the radius of the vessel. This requires 


Wen Clea yeaa Wace ace We nck ee OY) 


The roots of this are all real, and the corresponding values of the 
modulus (7) of decay are then given by 


= a ane 
ae ear CEO ae Mrertinds crite cee Geert CLO) 
For instance, the lowest root of (9), in the case n = 1, is ka = 4498, 
; 
whence r = 0495 — ssvssnessvaseevesssseessssnees (LL), 


In the case of water, we have v= '014 C0. G.S., and 
7 = 35a’ seconds, 
if a be expressed in centimetres. 


In the solutions of the Second Type, we have 





tpn ens A AU Se Cay 
= oe ! ae om: key” ue ad -2n-1 
+ (a+ by) Vn-1 (kr) M+] In+3 Wee (kr) das W,7 
= a st eee eager Dy gem 
i dy Baa): i eon Bes aCe dupes. 


oy hey?" +8 


do, 
a Ze ee Ugur ge eis pap Tae 





Wee (k7) “ Oaratas 
Heer 


where ¢,, w, are solid harmonics of positive integral degree n. If, as 
before, we assume that there is no slipping at the boundary, we must 


have* GE CrP pe ea) x =. Ossscvsicscesotteenes (14), 


* See Proceedings, T. xi11., pp. 192, 193. 
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when 7 =a, and Dei a) Oia ict ter cree eae 


When the values of ka have been found from this equation, the moduli 
of the corresponding modes of decay are given as before by (10). 
When n = 1, the lowest root of (15) is ka = 5°764, which gives 


r= 0301 2. 
Vv 


When the harmonics ¢,, w, are zonal, the character of the motion is 
most simply expressed by means of a stream-function Y; viz., if we 
take the axis of symmetry as axis of w, and write 


a=V(y+2), 9 = (yvtew)/s, 


BL ay 1 dv 
— =— 200 coo oe ooo See avesre 16 ? 
we have U Ae 9 ao de oo 


2 dw, 





where yo=—n (0, 


a2) {Yn (ler) —n (hea)} 
TB (Yn Or) Ya (ha) serrerenseree 17) * 


=-—rsing. 

6 denoting the co-latitude, 4.e, a= rsin9. Thus, if n =1, writing 
w,= Orcos 0, we have 

WY = Or. sin’ 04 v, (er) — Uy, (ho)tee oreo 


[It may be worth while, for the sake of comparison, to give the 
corresponding results for the motion of a viscous liquid in a right 
circular cylinder. Treating the problem as one of two dimensions, and 
taking the origin of polar coordinates 7, 0 in the axis of the cylinder, 
the component velocities along and perpendicular to the radius vector 
will be — and — Tr 


respectively, where 


J, (ke 
v= >> eas ae a rt {A, cos n0+B,, sin n6}, 


the admissible values of k being determined by 
kad, (ka) —nJ, (ka) = 0, 
Very Jit (ka) = 0. 





* Proceedings, T. xiii., p. 204. 
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Here J,, denotes the Bessel’s function of integral order n, and a is the 
radius of the cylinder. In the case of symmetry about the axis,* we 
have n=0. The lowest root of J, (ka) =0 is ka = 3°832, which 


2 
gives 7= ‘0681 ~, 
. Vv 


If, as before, we put for water v = ‘014 C. G. S., we find 
r= 4:9a.+] 


In combining the foregoing solutions so as to represent the decay 
of any arbitrary initial motion, we make use of the following prin- 
ciple.f Ifwu, v, w be three functions subject to the condition (2), and 


; dw dv du dw > dv du 
f Se ees ES oe = eee i ee ee 2 6 8 86H CE I 
; 2s dy = dz’ si dz ax’ ol dz dy Us 


then the values of u,v, w are determinate throughout any spherical 
region having its centre at the origin, when we know the values of 
au+yv+zw and #&+yn+2¢ throughout that region. For, regarding 
U, V, w as the component velocities of a fluid, if there be two distinct 
motions satisfying the prescribed conditions, then, in the motion which 
is the difference of these, we have 


du , dv , dw | 

de dy dz : (29) 
Dibaba We Ate a) Maes ave ete ts cs eveecncet Cae’): 
Ure Pe Une aac iiam) Omens ees clenss andere eee oe ye 


From (20) and (21), it appears that the lines of flow are closed curves 
lying on a system of concentric spherical surfaces. Hence the “ cir- 
culation” round any such line has a finite value. On the other hand, 
(22) shows that the circulation round any circuit drawn on one of the 
above spherical surfaces is zero. These conclusions are irreconcilable 
unless wu, v, w are all zero. 

The following proof is of a more analytical character. Let us 
employ the ordinary spherical polar coordinates 7, 6,4. The com- 


* Discussed by Stearn, Quar. Jour. Muth., T. xvii., p. 90. 


In comparing our numerical results with observation, it should be borne in mind 
that the theory of viscosity on which the equations (1) are based is of a purely 
empirical character, and that it probably ceases to represent the facts accurately 
when the rates of strain du/dx, &c. exceed certain limits. (See B. Elie, Jour. de 
Physique, 1882, p. 224.) 


{ Stated, without proof, Phil. Trans., 1883, p. 533. 
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ponent velocity along the radius vector is zero, by (21). let the 
components along and at right angles to the meridian be 0, ®, re- 
spectively. Forming the equation of continuity for an element 
rsinOd¢.rd0.dr, we find 


g (oan 6) + a a) Le mea 
This replaces (20). Again, calculating the circulation round an ele- 


mentary rectangle 7 sin 0 dy. 7d0, which must be zero by (22), 


do ad ? 

Tae swe eX iy = Coo ee eee eee eee eee osesee . 

PT ymcD (® sin 0) = 0 (24) 
We infer from this that 0 d0+sin 0 ®d¢ is a perfect differential with 
respect to 6 and ¢, say it =dF’. The equation (23) then becomes 


er ee RN eye, 
sin 0 — (sin 9 5) Peera ma Vice cctcceenecvecee (25), 


or, writing 3 = log tan 5 (Mercator’s Projection), 


2 2 
ah dF _o eeeeoe 


ai ¥ 
dS? dg? bids teineiterer te Coys 


Since F' is necessarily periodic with respect to ¢, we may assume 
F= (RK, cosmo+S, sin m¢). 
Substituting in (26), and integrating, we have 


R= Ael!® nt ye ll 


which cannot be finite at both limits $ = +0 unless it is everywhere 
zero. For the same reason S,, = 0. 


The theorem just proved is useful in various physical problems; 
but for our present purpose the following corollary is more convenient. 
The component velocities u, v, w of an incompressible fluid occupying 
a spherical region having its centre at the origin are determinate, save 
as to three additive functions of the forms d¢/dz, dp/dy, dp/dz, re- 
spectively, where Vp = 0, when we know the values of #+yn+2¢ 
and V? (au+yv+zw) throughout that region. For, if there be two 


* This is a particular case of a general result obtained by Kirchhoff (Berliner 
Monatsb., 1875, or Collected Papers, p. 56), relating to problems of electric conduc- 
tion in two dimensions, and their transformation by orthomorphic projection. 
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distinct motions satisfying the prescribed conditions, then in the 
motion which is the difference of these we have 


ae+yn+2o = 0, 


and V? (cutyvtezw) = 0. 
The latter of these may be written | 
a a) (G-& (a ani 
si a pyrene e RA ay mh 


Hence the argument is exactly the same as before, except that £, n, ¢ 
are written for uw, v, w respectively. We infer that &, », ¢ are all zero, 


RON Perel eae oe 
1.0.5 it pp tis ay al REESE (27), 
where Vo =: 0: 


To apply this to the problem in hand, we remark that in the solu- 
tions of the First Type we have 


d hy?" *3 d 
oF = — ky Xn pa oe sl, Oe eee a Py SaNy cet »-2n-1 
: atin) Vent Cer) da un 2n+1.2n+3 Pas (hr) da *"" 
Bn =O, oa One: 
Ba Perris (28), 
and thence 2 (wé+yn+26) =— n(nt1) y (kr) Xn; 
whilst in those of the Second Type 
: d d . 
26 = — hy, (kr (: ——% | Wn 
PEN a fog pee Sx. Nols (29), 


eae OG eC 

and thence wityn+e2e = 0. 
Again, in the solutions of the First Type we have 

} cutyv+ew = VY, 
and in those of the Second Type 

nu -+yv ew = no,+n (n+1) wv, (kr) o,, 

whence V? (cutyvtew) = — 2 (n+1) hy, (kr) o,,. 
Hence we have to determine the harmonics x,, »,, so that, when ¢=0, 


S20 (W+1) dy (hr) Xn = — 2 (WEA Yo + 2S p) vrveveers (30), 
VOL. XVI.—NO. 235. D 
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and SSn (nt1) BY, (kr) 0, = —V? (aot yo +2) «00 -+ (31), 


where %,, UV, W, denote the given initial values of u, v, w; and en ulgnes 
are supposed derived from these by (19). The summations must in- 
clude all integral values of n, and all admissible values of k, the latter 
being given in (30) by w, (ka) = 0, and in (31) by Wy41 (ka) = 0. 
The determination of y,, w,, so as to satisfy (30) and (81) for all 
values of r from 0 to a, is effected in the usual manner, by means of 


the theorems ["v, Chon) Ue r) Tae Or — 0 Ge aie neater Oli 
0 
if k,, k, be two different roots of ), (ka) = 0 or of w,,, (ka) = 0, and 


[is (kr) te peter 


9 
jew gents 


= [fa Cord EE, Cr) Wh lr) + Yh Cord] on (88). 








The latter formula gives 
| * fb, Cer)" dr = a Teka) Via ee (34), 
0 
if W, (ka) = 0, and 
| {Yn Chr) Pre? dr = aa IU Ua) Pet eee (35), 


if Wasi (ka) =O. When the w, have been found, the corresponding 
values of @, are given by (14). We have seen that the values of 
u, v, w which are obtained in this way may, for ¢=0, differ from °* 
Uo) Uy Wy Yespectively by terms of the form (27). It is easily seen, 
however, that these terms represent a constituent of the original 
motion which is destroyed impulsively when the boundary of the 
fluid (which may previously have been changing its shape or position) 
is brought to rest in the spherical form. 

As an example of the above method, let us suppose that previously 
to the time ¢ = 0 the vessel and its contents were rotating as a whole 
about the axis of z with uniform angular velocity O. We then have 
w, = 0, andalso x, =0, except for n=1. The value of yx, corres- 
ponding to the p™ root of 


UE GD bemoid OF Se ye Ws cm gs itty (36), 
will be of the form O,<. e-rt, The constants C, are to be found 


from the condition DT (Kel). pie Lh eee cede rere re Cone 
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Making use of (32), (34), and the formula 


: 2n+2 a 
[Ya Ger)» dy = J 


we obtain, after some transformations, 
100 


Oe ee ee TT TTT TTT eee 39). 
2 BaF dy (hyo) Se 
The motion of the fluid is then given by 
w= 30,4 (kyr) em! 
vy = — 2.30.4; (hor) Bek D ie Oe ACERT, RE (40). 
w= 0 
The total angular momentum of the fluid about the axis of z is 
p {{| (av—yu) dedydz = — np. 30,0784 ("rh (kp 7) dr 
0 
= 50.3 ea vnt Al 
= -s-7pat?, ane reserves (4), 


by (88) and (39). Since 3 (4,a)~* = +4, this gives, for t = 0, retard, 
which is right. The couple tending to drag the vessel round, in the 
direction of its previous rotation, is found by performing —d/dt on 





(41), viz., it is 18rprva’ . Se—vhpt Ae EER rN E&P 

In like manner, the kinetic energy of the fluid is readily found to be 
) : re a— Qwhpt 

= 37Pa OQ”. > ea .. (43). 


When the fluid filling the spherical vessel is gaseous, the equations 
(1) are replaced by 


Boe AN a a 
EB vr Asya then (44), 
Sto =0 a ee (45) 
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Here Oe earned hanes i trees <r? eee eee 


Ss = (P—Ppy) | Po, 


where p, is the equilibrium density, and the rest of the notation is the 
same as before. 


If we ignore the effects of conduction and radiation of heat, we have 


p= PLP te CPS AE COREL CeO CEA NT CUES Sti 9 FORE (47), 


where p, is the equilibrium pressure, and c is the velocity of sound in 
the gas. Hence we obtain from (44) and (45), by differentiation, 
ds ds 


——— CV's +4rV? dit eee ero cen res oes es 


7a eka 


If we now assume that wu, v, w, &c. all vary as e’, this becomes 


(WIA Ht) 8 Ooi cccc sss esis lO 


2 


provided a = Fret dele eticey ae ace COE 


c+4va 





Also the equations (44) may be put in the forms 
2 2 1/23 Ts dp 
(VW+kh)u = (k h') 5 
(V+) 0 = (ee) wha ee (51), 


2 uae 272, Up 
(V?+ 18) w = (1) 


= 4,2 1 (du 4 do 5 do) | 
where Pen ie tae (52), 
provided gear I Spreng crear rnd OLE) 
These equations are satisfied by 
Seg peas py 
eran Mom ida’ 
where ¢ is any solution of (V?+h?) @ = 0 .......ecccscssesecesereees (54). 


Hence the complete solution of (51) and (52), subject to the condition 
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of finiteness at the origin, is 


dp dw he? 2" +8 
ess: Bi (ere 
We ye) etd) Walker) Gearon ie S 





Wet (kr) & wyr--2) 
dx ) 


d d 
+2u, (kr) (y qa A i ia cen tee eo ee (55), 


with symmetrical formule for v, w. Here ¢ denotes the general solu- 
tion of (54), viz., (eet ITD VAIO Wotn naar ey Beare ACh ona Ce) F 


g, denoting, like w, and yx,, a solid harmonic of positive integral 
degree 2. 

As before, the solutions are of two distinct types. In those of the 
First Type, expressed by the terms in y,, there is no variation of 
density, and the theory is therefore exactly the same as before. For 
air at ordinary temperatures we may put v= °15 C. G.S., about, and 
the formula (11) for the modulus of decay of the most persistent 
motion of this type then gives 


7 = 83a’. 


In the solutions of the Second Type, expressing that wu+yv+z2w 
vanishes for r= a, we find 


fhaw;, (ha) +nvp, (ha)} o,+n (n+1) Y, (ka) wo, = 0...... (57). 
Again, if w, v, w severally vanish at the boundary, then since 
h2 yen +3 


d er Ss. CDS sige ad a 
om Yn (hr) Gn = Yn (hr) ais a Thea) Dene. 


l - as 
Vn | (hr) Dn 7 Qn A 


we infer that we must also have 

Wards, (2) dn—0. arhns, (kA) Wy =O oo... scee eee (58). 
From (57) and (58), we obtain 
{haw’, (ha) +n, (ha) } harp... (ka) + (n +1) Warp, (ha) b, (ka) = 0 


This equation determines the admissible values of a. 
Now, from (50) and (53), we have 


4 
va k 
Va —_— ka? =—_—_ 2 


e+ sin wae 


Q 
wo 


a* 
— 4 pg 
3 3 kva 
For air at 0°C., we have c= 3'32 x 10’, y='15, C.G.S., so that in all 
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cases of interest c’a’/»? is a large number. The more important 
solutions of (59) are then readily obtained. In the first place, we 
may have ka equal to any one of the lower roots of 


Dae Gea EOE wees a? a hae (60), 


in which case #’?/h? is small. The equations (56) and (57) then show 
that s = 0, nearly, so that the corresponding modes of motion differ 
little from those represented by the solutions of the Second Type in 
the case of an incompressible fluid. But we may also have ha equal 
to one of the lower roots of 


had, ha) Li eho) = OF eri atte ere COL) 


approximately, in which case ka will be large. For, when ka is large, 


sin (k on 
sin ( atn 9 
Cae OT 


approximately, so that ¥, (ka) / k’a*l,,, (ka) is of the order 1/ka, and 
the second term of (59) is small compared with the first. If in (50) 
we put vy = 0, the equation (61) determines the proper tones of a gas 
contained in a spherical cavity, when viscosity is neglected.* This 
subject has been fully discussed by Lord Rayleigh in the Society’s 
Proceedings, t. 4, p. 98. To calculate the effect of viscosity on the 
vibrations, we remark that, from (50), we have a = ich, nearly,} and 


we have 7, (ka) = (—)”.3.5.,. 2n4+1. 


thence k=/—a/y = (1—1) 9, 


if ae we 


~ Qya’ 
S being one of the lower roots of 


Su. (Ss) 4 ndls (8) 0 See ee oe (63). 








| t i aS, 
Hence, by (62), 49 _ =. __1 iras 
Kahn 1 (ka) 2n+3 ka 
| gp at ee ehl pee 
2n+3 ° 2qa’ 





* Viz., we then have a velocity-potential » subject to (54), and therefore given 
by (56). Expressing that dp / dr = 0 for r = a, we obtain (61). 
_ t It will be seen that, except when » = 0, the error involved in this assumption 
is of the second order of small quantities as compared with the quantity «, below, 
which we are evaluating. 
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approximately. If then, in (59), we write 

ha=S+e; 
where e is small, we find, after several reductions,* 


lst eels 
2qa n(ntl)-S 


€ 


Hence nie Me (S+e), 


ah 


the real part of which is 


m(ntl)s. .¢. 
S—n(n+1)  2qa? 


Substituting for g its value, we find that the time r in which the 
vibrations fall to 1/e of their original amplitude is given by 


_ S—n(n+1) 2a8 
~~ n(n+1)3* ° V ve 


The foregoing investigation does not apply to the radial vibrations. 
When n= 0, the formule (55) reduce to their first terms, and we 


have the exact equation bist Cid) =a. Maree tus hace oeeeere GONE 
If S$ be a root of this, we find, from (50), 


rate Aeaney. 
Ss Ory ar 
so that the modulus of decay is 
Bh ee 
PAGS i eee Be oe Gata ct ied sree rm GOI 


We notice that, omitting numerical factors, the ratio of (67) to (65) 
is of the order Vac/y. In all cases to which our approximations are 
applicable this is a large number, so that the radial vibrations are 
much more slowly extinguished by viscosity than those corresponding 
to values of n>0. This is readily accounted for. In the latter modes 
the condition that there is to be no slipping of the fluid in contact 
with the vessel implies a relatively greater amount of distortion of the 
fluid elements, and consequent dissipation of energy, in the superficial 
layers of the gas. 

It appears from the general theory of the vibrations of a system 





* For the formule of reduction employed, see Proceedings, t. 13, p. 190, 
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subject to small viscous forces, as it is developed, for instance, in Lord 
Rayleigh’s Sound, Chap. v., that the rate of decay of any fundamental 
mode may be found by equating the rate of decrease of the energy to 
the dissipation, these latter quantities being calculated as if the 
nature of the mode and its frequency were unaltered by the viscosity. 
This method has been applied in the Society’s Proceedings, t. 18, p. 63, 
to the oscillations of a liquid spheroid; and it might be used in the 
present problem to verify the formula (67) for the modulus of decay 
of the radial vibrations. But it isimportant to remark that the same 
method is not applicable to the case of 7 >0, and would, in fact, lead 
to a result of an altogether different form from. (65); viz., 1t would 
make r equal to a’/yv multiplied by a numerical factor. If, indeed, 
we assume that there may be slipping at the boundary and introduce 
a coefficient 6 of sliding friction, as in §181 of my “ Motion of 
Fluids,” then, provided 6/a and v/a’ are both small in comparison 
with the rapidity (a) of the motion, the theory in question is applic- 
able, and the method indicated must lead to a correct result. But, 
in the foregoing investigations, we have (in effect) assumed ( to be 
infinite, so that we can draw no conclusions from the general theory. 
In the gravest radial vibration, we have $ = 4°493, and (67) then 


gives 7 = (0743 oo 


or, for v = ‘15 (air), r= °49a7. In the gravest mode of the class 
n = 1, we have 3 = 2'081, and thence, by (65), 


r= 1148,/<. 
ve 
Assuming ¢ = 3°32 x10!, v =°15, this becomes 7= ‘016a?. For n=2, 
the lowest root of (63) is $ = 3°342, which gives 


r = 666 4/. 

ve 
There can be no doubt that, as a matter of fact, the damping of the 
vibrations of air (or other gas) contained in a closed vessel is con- 
siderably more rapid than these results would indicate. It has been 
pointed out by Kirchhoff* that the effect of conduction and radiation 
of heat on the vibrations of a gas must be of at least the same order 
of magnitude as that of viscosity. The application of Kirchhoff’s 
equations, in which account is taken of all these influences, to the 


* Pogg. Ann., t. 184 (1868) ; Collected Papers, p. 540. 
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problem of this paper does not appear to present any great difficulty , 
but, as the results would involve a certain constant whose precise 
value we have at present no means of estimating, I have not thought 
it worth while to go through the calculations. It is plain, however, 
that the general effect of the thermal processes must be equivalent to 
an increase in the viscosity.* 


[The effect of viscosity on the transverse vibrations of a gas con- 
tained in a circular cylinder can be calculated in a similar manner. 


If we take the axis of the cylinder as axis of z, the equations of motion 


may be written (Vitk) u= (h—h’) Ea 


— (1; dp 
(Vth) » = (P—}) iy 


a4 e ah hig = 0, 
d? dl? 
where v= at iy? 


and the rest of the notation is as before. The solution of these equa- 


tions 1s 4 = dy 
de dy 
ye 
dy dx’ 

where (V, +1") » = 0, 


(V, +h) p= 0. 


If we introduce polar coordinates 7, 0 in the plane xy, we have 


RIE be ome Seer oo, 
yu—av = 8 cps 


Both these expressions must vanish when r= a, the radius of the 


er ea 


* See the investigation by Stokes, of which an account is given in Rayleigh’s 
Sound, § 247. 
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cylinder. Hence we assume 
¢ = A, J, (hr) cos n8, 
Wy = B,J, (kr) sin v8, 
and obtain A,.haJ’, (ha) +B,. nd, (ka) = 0, 
A,,.nJ,, (ha) +B,,. kad; (ka) = 0. 
Eliminating, we obtain the following equation to determine a: 


hady (ha) _ J, (ka) 
nJ, (ha)  kady, (ka) 


In the solutions which are of most interest, hais approximately equal 
to one of the lower roots of J), (ha) = 0,* and ka is large. Hence 


Fp le i nah hE 
cos ( Ka ih *) 


J, (ka) = const. x (hay! 


approximately, and 


nJ, (ka) 


— AL cot (ta— = —"t). 
kaJ;, (ka) ka Ae 2 


If, as before, we put k = (1-2) q, 
we find cot (a— 7 = e) =, 


nearly, so that the equation to determine a becomes 


had, (ha) % 74 _ 
“EE TOR On 


Assuming ha = Ste, 
where J, (S) = 0, 
and e is small, we have 


h JE =: ’) 9 St . 
oJ, (ha) = 307 (9)-e="—* J, (8).6, 


by the differential equation of Bessel’s Functions. Hence 


2 
she ad! LAN 


€e = 
v—3? 2a 





* Rayleigh’s Sound, § 339. 
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Now, with sufficient approximation, we have 


G2 ton © (346) 








2 
th ichis — 4. 5%, 
e real part of which is Soni’ qa 
Se 
S = ae 
ice q Sa 


the modulus of decay is given by 
Sn? lDa3 
~ ast V ve’ 
which may be compared with (65). 


The above treatment does not apply to the radial vibrations (n=0). 
In this case, we have y = 0, and 


¢=J, (Ar), 
with the exact equation J (ha) = 0. 
If $ be a root of this, we find, as before, 
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December 11th, 1884. 
J. W. L. GLAISHER, Esq., F.R.S., President, in the Chair. 


The Auditor (Captain MacMahon) made his report ; a vote of thanks, 
moved by Mr. S. Roberts, and seconded by Sir J. Cockle, was unani- 
mously accorded to him for his services. 

The Treasurer’s Report, read at the November meeting, was then 
adopted. 

The Rey. T. C. Simmons, M.A., Christ’s College, Brecon, and Mr. 
W.J. Ibbetson, M.A., Clare College, Cambridge, were elected Members. 


* [This note received March 16th, 1885. Prof. Lamb sends the following correc- 
tions of former papers: 
Proceedings Lond. Math. Soc.—T. 14, p. 304, line 13. The sign of the last term 
should be —. 
T. 15, p. 148, line 23, in the value of M, read I for I?. 
5»  p. 149, in the last foot-note, read ‘‘in the particular case where the induc- 
tive susceptibility of B is so small, &c.’’] 
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Mr. Tucker read a paper On a Group of Circles connected with 
the Nine- Points Circle, considered as the Locus of the Intersections 
of Orthogonal Simson Lines, and parts of a paper by Mr. R. A. 
Roberts, entitled Notes on the Plane Unicursal Quartic. 

Communications were also made by the Treasurer, Mr. G. Heppel, 
and the President. 

The following presents were received :— 

“¢ Royal Society—Proceedings,’’ Vol. xxxvut., No. 233. 

‘¢ Nautical Almanac,”’ for 1888. 

‘¢ Educational Times,’’ for December. 

“¢ A Synopsis of Elementary Results in Pure and Applied Mathematics, containing 
‘ Propositions, Formule, and Methods of Analysis, with abridged Demonstrations,”’ 
by G. 8S. Carr, M.A., Vol. 1., Sections x., x1., and x11., 8vo; London, 1884. 

‘¢ Beiblatter zu den Annalen der Physik und Chemie,’’ Band 8, St. 11; Leipzig, 
1884. 

‘Bulletin de la Société Mathématique de France,” T. xir., No. 4; Paris, 1884. 

‘“‘ Bulletin des Sciences Mathématiques et Astronomiques,’” S. 2, T. vm. ; 
Paris, Dec., 1884. 

‘“‘ Berichte iiber die Verhandlungen der Kéniglich-Sichsischen Gesellschaft der 
Wissenschaften zu Leipzig,—Mathematisch-physische Classe,’’ 1883, 8vo; Leipzig, 
1884. 

‘‘Transactions of the Connecticut Academy of Arts and ey Violsivi.. 
Part 1; Newhaven, 1884. 

34 | oma de Sciencias Mathematicas e Astronomicas,’’ Vol. v., No. 5; Coimbra. 

“* Acta Mathematica,’’? 5:1; Stockholm, 1884. 

“* Crelle,’’ ‘‘ Journal fiir Mathematik,’’ Bd. xcvi1., H. 4; Berlin, 1884. 

“‘Ueber die Frage des Weber’schen Gesetzes und Periodicitaetsgesetzes im 
Gebiete des Zeitsinnes,’’ von G. Th. Fechner, 4to; Leipzig, 1884. 


From M. Maurice d’Ocagne :— 


‘‘Sur la Droite Moyenne d’un Systéme de Droites quelconques situées dans un 
plan ’’ (Bulletin de la Soc. Math. de France, Tom. xt1., 1884). 

“‘ Sur les Transformations centrales des Courbes planes.” 

‘‘Sur quelques Propriétés générales des Surfaces algébriques de degré quel- 
conque’”’ (Comptes Rendus, Noy., 1884). 


Notes on the Plane Unicursal Quartic. By R. A. Roprrts, M.A. 
[Read December 11th, 1884. ] 


I collect in these notes a few miscellaneous properties of the plane 
unicursal quartic, most of which, I believe, have not been noticed be- 
fore. Ido not attempt to give any systematic account of this curve, 
but merely investigate such questions in connection with it as appear 
most likely to lead to results of some interest. 
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1. To find the parameters of the nodes of the general unicursal 
quartic. 

The sextic giving these parameters is arrived at in Salmon’s Higher 
Plane Curves, Art. 291 (a), but the result comes out in a rather com- 
plicated form. The following method gives the equation in the form 
of a single determinant, and has the advantage of being immediately 
applicable to unicursal curves of any degree. 

Suppose the quartic to be determined by the equations 


px = f, = a, 445, FH +o,P+d,3+8e, 
Oy fg me al Ie Jab dad + Ga fe dss eececssses CL), 
pz = fs = a, H+),H+0,P +d,9 +e, 


the quantities f{, f,, f; bemg written without binomial coeflicients, then, 
if IL, M are two lines passing through a node, we must have 


L= u (t—a) (J—a’) 
M= v (J—a) (J—-a’) 
where w, v are quadratics in J, and a, a’ are the two parameters corres- 
ponding to the node. Hence substituting linear expressions in a, y, 
z for L, M respectively in Lv— Mu = 0, we get a result which may be 
written 
(a3? +B9+y) wt (a’P+P'9+7') y + (a"P + B'S ty’) 2 = 0...(3); 
and then av+a'y+a’z = 0 
DBAs f= OS Pew ansuspate ees cluerth ivtave (4) 
ye+yyty2=90 
represent three lines passing through the node. 


We now substitute f,, /,, f; for v, y, z im (3), and equate to zero the 
seven coeflicients of 3°, +, &c., when we get 


ad, tad, +a"a, = 0 
ab, +a’b, +a"b, + Ba, + /'a,4+ Bas =) 
ac, ta’c, +a’ce, +b, +(0'b, + Bb; t+yatyaty"a; = 0 
ad, +a’d,+a’ds + Bc, + B’c, +B'cs t yb ty'by ty” bs = 0 Ff ++(5). 


ae, +a’e, tae, +d, +P'd, +B ds+yq +7 +y'¢, = 0 
Be, + Pe, + Bes + yay + yd,+y"d, = 0 | 
yatye tyes = 0 


But the parameters of the node must satisfy the equations obtained 
by substituting f,, f,, f; for x, y, z in the equations (4). Hence, taking 
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the first and last of these equations, and eliminating a, a’, &. by 
means of (5), we get a determinant which we may write 


Uy, Ugy Usy NO Mts cesae evden (6), 
Vy, Vg, Ug 
Ay, Ag, Ms, 
bi, Dy, Os, Ay, Ag, Ms, 
Cry Coy Cy, Dy, Dg, Ds, Aq, gy A 
dh, dy, dz, C4) Cay Cy B,D, 5 
C1, Cay sy, Gy, de, dg, Cy, Cg, Cg 
€15 C2) €3, Ay, de, ds 
C1, &g, Cg 


u, = b,¥+¢,¥+d,F+e, 


where 
v, = a, P+), +¢,944+d,, 
Ue = &C., 


and the factors corresponding to J=0 and o, respectively, have 
been divided out. 

In exactly the same way we obtain a determinant with 3(n—1) 
rows to determine the parameters of the nodes of the general unicursal 
curve of the n™ degree. 


2. By eliminating a, a’, &c., between (5), and each pair of the equa- 
tions (4), we obtain, in the form of determinants, three conics passing 
through the nodes of the quartic, and, by forming the Jacobian of 
these conics, we have the equation of the sides of the triangle formed 
by the nodes. 


3. We can find the tangential equation of the nodes of the curve as 
follows. Let), u, v be the coordinates of a line passing through a 
node, then, from (4), we can evidently take 

a =ly +mp, a” = ly” +mv ; 
Ba=lytma, BP =Vy4+m'u, B= Vy" +m’ 


a= ly +m, 


substituting which values of a, a’, &c. in (5), we get seven equations 
from which we can eliminate y, y’, y’, l,m, U’, m’, when the required 
result comes out in the form of a determinant A? =0, where A= 0 
gives the three nodes each once. 


4, By forming the discriminant of Af,+pf,+vf;, we see that the 
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tangential equation of the curve is of the form S* = T®. We can also 
easily show that this is the case if the equation of the curve referred 
to the nodal triangle be given. 

Writing CSeyt+yet+27a%+2Qayz (aetbytoz) =O wea (8), 
it is evident, by inversion, that the line Ax+py+vz = 0 will touch the 
curve if the two conics 

VSe+y? +2 + 2aye+2bew + 2cay, 
V’ = dyzt poet vey, 
touch one another. Forming then the discriminant of V+2kV’, we 
get 2ruvke— (24+ p+ v?— 2apv —2bvrA— cru) I? 
+2 {(be—a) \+(ca—b) p+ (ab—c) vr} k 
+1 + 2abo— a? — b? — 67 = 0 oo. .e ccc csceensesceccesees( QD), 


and the discriminant of this equation with regard to k will give the 
tangential equation of U. 


We thus find 
(89° + 27A*Auy + 9Aps)? — (497+ 3AZ)® = 0............(10), 
where we have put 
N+ pw? +r? —Qapy—2bvA—2cAp = J, 
(a—be) \+(b—ca) p+ (c—ab) » =p, 
1+2abc—a?—b?—c? = A, 
and A, pw, v are tangential coordinates, and a, b, ¢ parameters. 


5. Now, from (10), it is evident that 4p?+3A2 =0 represents a 
conic touching the six inflexional tangents, and it is easy to see that 
>= is the conic which touches the six tangents at the nodes. Thus we 
see that these two conics have double contact with each other, the 
point represented by p being the pole of the chord of contact. 


6. Since the tangential equation of the curve can be written in the 
form S*— 7” = 0, it follows, from a result given in a paper “ On Tan- 
gents to a Cubic forming a Pencil in Involution,” published in the 
Proceedings, Vol. x111., p. 25, that there will be a locus of the ninth 
order from any point of which the tangents to the curve will form a 
pencil in involution. The complete locus is of the forty-fifth degree, 
but it must be divisible by this special curve of the ninth degree. 
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7. To find the locus of the points from which the tangents drawn 
to the curve have their points of contact on a conic. 

We know that the points of contact of the tangents from a point P 
lie on a cubic passing through the nodes, viz., the polar cubic of P. 
Now, if six points of intersection of a quartic and a cubic lie on a 
conic, the remaining six points of intersection must lie on another 
conic. Hence, since the nodes count doubly as intersections of the 
two curves, they must be the points of contact of a conic having triple 
contact with the cubic. But, by a property of the cubic, when this is 
the case, the points where the sides meet the curve again must lie on 
a line. 


Now, the polar cubic of 2’, y’, 2’ with regard to U is 
wa (yrte)+y'y (+2) +22 (a? + y?) + (aa + by’ +c2’) wyz 
+ (a+ by +cz) (wyz +y'zet+eay) =O secssereeee. (Aly: 
Hence, for the points where 2, y, z meet the curve again, we have 
e=0, y(z+ba')t+e2(y+cex)=0; y=0, ae tay’) +2 (a +cy’) =0; 
2=0, w(y’+az)+y (a +b2) =0. 
Hence, expressing that these points lie on a line, we a 
(a—be) a (y?— 27) + (b—ca) y (2 — 2") + (c—ab) 2 (a’—y’) = 0...(12). 


This, then, is the equation of a cubic such that the six tangents from 
any point thereof to the quartic have their points of contact on a 
conic. 


8. I proceed to consider what this locus becomes for a few special 
forms of the equation (8). If in the foregoing equation (8) we have 
c=1, the node wy becomes a cusp, and the cubic (12) becomes 
divisible by the cuspidal tangent, the remaining factor being the 
conic (a—b) (ay—2)+(1—ab) z(w«—y) =0, which is the locus of 
points from which the tangents have their five points of contact on a 
conic passing through the cusp. 

Let a =b =c=0, then the cubic (12) vanishes identically, and 
we see that the points of contact of the tangents drawn from any point 


to the curve - a tt toe Seas le emer ace ay kOe 


lie on a conic. We can find the equation of this conic as follows. 
The points of contact of the tangents from 2’, y’, z evidently lie on 


¢ Ud ‘ 
a Z 

the curve —+4+5,=0, 
x y Z 
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and, combining this with (18), we get 


Bae). 2-6) 6-3 
gt Ng’ mee aA) yy? y en oe 








Sy (14), 
aa (=) (2 Es x) 
Phd of an yf 
where 3 is indeterminate. We have then 
$(4+4+5) =(< ean ie 
x y Z x Zz 
oat Loy 





2 2 2 
$(4 y 5) as (5 yo ey Ye ee L\a 
2 + y* + 2/3 oe? + yo -- 2 + yd + a ae a 4 


cra era ae aca 


Hence, eliminating 3+ between the two equations (15), we get the conic 


Il 


where A 


(y2+27) at (22? +a") tatty?) ety eyetdvcatayaey = 0. 


9. I give here the locus of points whence the tangents to the curve 
have their points of contact on a conic for three special forms not 
included under equation (8). For the nodo-tacnodal quartic 


att y?a + 27y? + Qay (ayzt+ bax + ca’) = 0 
(see Salmon’s Higher Plane Curves, Art. 289), the locus is the conic 
2b (1—a?) #? +2 (1—a’) 2a+(c—ab) yz+ (at bei ay = 0. 
For the oscnodal quartic 
(ye+x")’ + 2cay (yeta")+y? (a? +y'+2hay + 2fyz) = 0, 
we find similarly the line 
(l—?’— 2f) «+ (h—cf) y = 0. 
For the quartic with a triple point, the locus is found to consist of 


three right lines passing through that point. 


10. To find the relations connecting the parameters of four points 
on the curve which lie on a line. 
If the line lw+my+nz = 0 meet the curve, we have, from (1), 


Li t+mf,t+nfsx > (F) = 0, 
where o(F) = (I—9,) (I—9,) (I - F,) (I-94). 


Now, let a, a’ be the parameters of a node, then we have ¢(a) and 
VOL. XVI.—NO. 236. E 
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@(a’) respectively proportional to If,+mf,+nf,; and Ufitmfz+nfs. 


But = ta = Js for a node obviously. 
1 2 


3 
Hence we get 
¢ (a)—hy¢ (a) = 0, 6 (B)—hyo (8) =0, 6 (VY) —hg (7) = 0...(16), 
where [3, 8’, y, y’ are the parameters of the two other nodes, and hk, 
ky, kg are constants. These three relations are evidently not indepen- 
dent, but are only equivalent to two. There is, in fact, an identical 
linear relation of the form 


Lig (a)—h,o (a) } +m {6 (B)—hg (B)} +n {6 (vy) —kso 5 rat 


By referring the curve to the triangle formed by the nodes, we find 
eee Ses IB Gel AN Ge 2) ip aha 
OW (46> 8) 2) Gy ey.) a 


11. In the same way, if we seek the intersection of the curve with 
a conic, we get 


¢ (a)—yg (a) = 0, $ (8)—Kig (8) =0, 6 (y)—Fyo (7’) = 0...(18), 


where 
¢ (t) = (¢—3,) (@-—9,) G-45) (6-H) (95) —-Ip) (E—5,) (E— 35). 


In this case the three relations (18) are evidently independent. 
Hence, if a conic have quartic contact with the curve, the four points 
of contact must satisfy the equations 


g(a) Ekg (a) = 0, 9 (B)Eh,o (8) =0, 6 (y) Eig (7) = 0...(19), 
where now ¢ (t) = ¢—4,) ((-4,) ((-—9,) @— 3). 


We cannot take two negative signs in (19), as then, from (16) and 
(17), the points would necessarily lie on a line; but we may take two 
positive and the other negative, and thus we get three distinct 
systems of conics having quartic contact with the curve. By taking 
three positive signs in (19), we get another system of conics, which 
are evidently perfectly symmetrical with regard to the three nodes. 


12. Now, if z be the line joining two of the nodes, it is evident that 
the curve can be written in the form S?—z’?S’ = 0, where S and S’ 
are conics, and then 


PH +298+ 8" = 0 


will represent a conic having quartic contact with the curve. We 


1884. ] the Plane Unicursal Quartic. 51 


thus have three different systems of such conics corresponding to 
each pair of nodes, which are evidently the same as those we have 
come upon above. 


13. Again, suppose the quartic to be written in the form 
U = ay’a? + ba'a? + cay? + Quyz (fatgythz) =0......... (20), 

then it is evident that the envelope of the system of conics 
AP a? + Bm?y’ + Ons’ + 2Fmnyz+2Gnlze+2Himay = 0...... (21), 
subject to the condition Da MAH ea LN ae re A a pe Ren ay 7 


is the curve U, where A, B, &ec. are the differentials with regard to 
a, b, &c., of A = abe+2fgh—af*—bg’—ch’. The conic (21) evidently 
belongs to the symmetrical system obtained by taking all the signs 
positive in (19). 

Since the conic (21) is transformed into a fixed conic by substi- 
tuting x, y, 2 for lz, my, nz, it follows that any covariant of the 
triangle of reference and the conic (21) will be transformed into fixed 
curves by the same substitution. Hence, from the condition (22), it 
appears that the polars of the nodes with regard to (21) pass through 
fixed points. Also the poles of the sides with regard to (21) le on 
- conics circumscribing the triangle. 


14. If we suppose two of the nodes to become the circular points at 
infinity J, J, the curve will become a bicircular quartic with a node, 
and the conic (21) is then the result of transforming a fixed conic by 
the substitution of u, v for < respectively, where uw, v are the 
lines joining the node to the points J, J. Now, this transformation 
is equivalent to turning the curve about the origin and altering the 
radii vectores in a constant ratio, the dilatation and theangle through 
which the figure is turned being connected by a certain relation 
determined by (22). Hence, in this case, it appears that the axes, 
asymptotes, tangents at the vertices and directrices of (21) will all 
turn about fixed points, and the centre, foci, vertices, &c. will move 
on fixed circles passing through the node. It is evident also that the 
eccentricity of (21) is given. 


15. By sis the envelope of the tangential equation of (21), viz., 
aN 
a Oe +2 "4 Af , 2gvd , 2h fog 


py] 
mn nl lm 


subject to the condition (22), we get the tangential equation of the 
quartic, and the invariants of the biquadratic in ~ will give the 


E 2 
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envelopes of lines divided harmonically and equi-anharmonically by 
the curve. 


16. If a tangent to a conic U is homographic with a tangent to a 
conic V, their intersection will lie on a trinodal quartic having quartic 
contact with Uand V. For a tangent to U, and a homographic tan- 
gent to V, can be written in the forms 


P+25R+Q=0, P+29R'+Q' = 0, 
and the result of eliminating + between these equations is 
4 (BQ’— RQ) (PR —P'R)—(PY—P'Q) = ” 
or (PY +P Q-—2ERR’')’—4 (PQ—R’) (P’'Q'—R") = 0 


which evidently represent a quartic having quartic contact with 
PQ-—F and P’'Q’—k”, of which the three points determined by the 


eae ae (24) 


oor ere oes ere eee seeererereeeeeee 


TEA AA ARTS Fy 








equations 


are nodes. Itis easy to show that the conics U, V belong to the 
system (21); for the variable conics of the same system as U, V are 


evidently (P+KP’) (Q4+kQ’) —(RLER’)? = 0 00.00. 000e00 000 (25). 


Bué, if we take the nodes as triangle of reference, we must write, 
from (24), 
P=ae+fPytyz, P= lax + mBy + nyz 


Q=azr+Byty2z, QO=lve+ mp'ytnyz > ...(26); 
R=aat+B'yty2, PB =la’e+mp’y+ny’z 
from which it appears that ia conic uae bers be transformed into a 


fixed conic by substituting —— 
tively. 


f : ; 
ice eae moe or #, Y, # respec 


17. In the same way as in § 10, we can show that, if a curve of the 
n degree meet the quartic, we must have 


¢ (a)—kyp (a) = 0, $ (B)—ko (6) =0, $6 (y)—Ko (7) = 0, 
where b (F) = (F—F,) (FHI) vec eee (I—J,,). 


It may be observed that this method is also applicable to unicursal 
curves of any degree, and will give all the relations connecting the 
parameters of the points of intersection with a curve whose degree is 
assigned. 


4 
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18. If we attempted to find whether it were possible to inscribe an 
infinite number of closed polygons in a unicursal quartic which should 
also be circumscribed about the curve, we should be led to expect the 
well-known relation of the second degree connecting the sum and 
products of the parameters of the points where a tangent meets the 
curve again. The curve, then, would have to be of the fourth class. 
Such curves are: (1) the nodo-bicuspidal quartic, (2) the quartic 
with a triple point at which the tangents coincide, (3) the quartic 
with a cusp anda ramphoid cusp; but the two latter curves have no 
indeterminate constant, which must exist and be determined after- 
wards by a condition depending on the number of sides of the poly- 
gon. let us consider, then, the nodo-bicuspidal quartic which may 


be written (ay + yz + ze)? —msray = Onrescrcsccosscesseens( 20). 
This equation is satisfied by assuming 
@=14+¥—m), y= HPOA4+P—m9), 2=—P ou. (28), 


and then it is easy to see that the parameters of the points where any 
line meets the curve are connected by the relations 


Spans > teen eneee: © (29). 


Hence, putting 3, = 9,, and eliminating 4, we get 
(9,4+45,)2?—m (9,+5,) 1+9, 52) + (m’?—4) 9,5, = 0...... (30), 


which is of the form mentioned above. For the triangle the value of 
m which we find is irrelevant, and therefore no such triangles can be 
described for any curve of the form (27). For the quadrilateral, we 


get m = —2, and for this curve it can be shown then that the lines join- 
ing the points of contact of opposite sides intersect at the node.* The 
case m” = — 2 is a very interesting result; it means that the tangent 


at each cusp passes througha point of contact of the double tangent. 
The line in question taken twice is a 
degenerate form of quadrilateral, viz., 


AB qué line joining two coincident points es. 
at cusp, 

BC qua tangent at cusp, - 

CD qué double tangent, A/B < 


and DA qué tangent at cusp—are each of 
them a tangent to the curve. 


* T am indebted to Professor Cayley for the following remarks on this case, 
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Me ay: : , 
For 2, y, z, writing 1+a, 1—2, 3y, and for m? writing —4h’, we have 
the Cartesian equation, 


(a? +y—1)?—ky? (#—1) = 90, 


where the curve is as in figure, and of course k? = 3 is the value for 


the case of the quadrilateral. 

To find the values of m corresponding to polygons of a greater 
number of sides, we equate to zero certain determinants formed out 
of the coefficients of the expansion of the function 


{34 (8—2k) V+ (K—8h+3) A+1—k}}, 


in powers of A, where k = 2m?, in the same way as hasbeen done by 
Professor Cayley for polygons inscribed in one conic and circum- 
scribed about another. (Philosophical Magazine, Vol. v1., p. 99.) 


19. I now proceed to discuss some properties of the unicursal 
quartic with a triple point. Ifwe suppose the quartic to be given by 
the equations (1), I find the condition that the curve should have a 
triple point as follows. If the curve have a triple point, it is evident 


that we must have Pat) ==) eee ers p iene tere ene Ole 


where P and Q are some pair of lines passing through the triple 
point. Hence, putting 


P=artPBytyz, Q=de+fyt+yz, 
we must have, identically, from (31), 
(a+ $e’) f, + (B49) fat (7 £97) fr = Ovvssecsreens(B2). 


Kiquating then the coefficients of )°, 34, &e., in (82), to zero, and 
eliminating a, PB, y, a’, 3’, y’ linearly, we get 


Ay, Ag, Ass = 0 erateciters the war etetarere (33). 
b,, Do, Ds, 4, Ag, Ag 
C1, Cg, Cz, b, bo, bs 


di, dy, ds, Ci, Cor Cg 





C1, Or €, ay, dy, ds 
C1, Oo, & 


Also, solving for a, 6, y from five of these equations, and substituting 
in af, +PA+yrf;= 0, we get the cubic which determines the three 
parameters of the triple point, as the coefficient of 3* vanishes. 
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20. To find the relations connecting the parameters 3,, 9. 3, 9, of 
four collinear points on the curve. 

If we take the lines x, y passing through the triple point, we may 
represent the curve thus 


IE, TR PING) rere ea RO OLD 


where @,, 8, are polynomials in J of the third and fourth degrees, 
respectively. For the points, then, where the line Aw+uy+v2 = 0 
meets the curve, we have 


(A+ps) 0,+70,= 0. 


Hence, if a, 3, y are the roots of 0, we readily find 


g(a) _ ¢(P) _ ey) 
Soe ar a oR sae tate ob bo Aah or ae 
where p (¢) a (t—J,) (¢—,) (¢—,) bos), 


and J, m, m are the values of 0, corresponding to a, /3, y respectively. 


21. From (85) we can easily find the relation connecting the para- 
meters of the points where a tangent meets the curve again. Putting 
J,= 5, and eliminating 3,, we get 


(Bay) Jt, (y=a) vm =P) Jn 
Fe P 3-39) * VIS G-5} * Gea IG IN} 





From this relation it is easy to show that it is impossible to inscribe 
a triangle in the quartic which shall be also circumscribed about the 
curve. For, if we put 


Bah : 
P= Tae a acyy Pea ee 


we get, for a triangle, from (386), 
PV (a=) + PoV (8-5) +P, (y¥—) = 0» 
PV (a—9,) + P,V (8—3,) +2, Vty—4,) = 0 ( Conn 
P,=3,) +P,V(B—3,)+P,V y—%) = 0? 


which equations are manifestly inconsistent, as one of them, being 
cleared of radicals, gives a quadratic for J. 


22. To show that, if a triangle be inscribed in the curve, the lines 
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joining the triple point to the points where the sides meet the curve 
again form a pencil in involution. 

Let a, b, c be the parameters of the vertices, and w,, u,, us the three 
quadratics which determine the parameters of the points where the 
sides meet the curve again, then w, y, 2 being the sides of the triangle, 
we may write 


w= ($—b)(I—c) my, y= (F—c)(I—a) uy, = (I—a4)(I—D) us...(88). 
Now we have seen that, when the curve has a triple point, we must 


have  (a9+a’)($—b)(9—c) uw, + (89+ ')(9—c)(9—a) Uy 


+ (yF+ y’)(I—a)(G—D) Ug =O cisrecsccseveveees (39), 
identically. But, putting 3 =a, b, c successively in (89), we get 
a Seats B me y 
—=—-a, — =-), — = —C, 
a p Y 


and then each term becomes divisible by (J—a)(0—b)(I—c). We 
see thus that w,, u., vu; must be connected by a linear relation, and, 
therefore, the corresponding parameters form a system in involution. 

We can show, conversely, that if the parameters of the points where 
the sides of a triangle inscribed in a unicursal quartic meet the curve 
again form a system in involution, then the curve must have a triple 
point. For, if we have lu,+mu,+nu, = 0, identically in (88), we get 


le (t—a)+my (I—b)+nz (I—c) = 0, 
which shows that the curve has a triple point whose coordinates are 


b—c c—a a—bd 
1 ? b) 
m n 








Hence, if we suppose two sides of an inscribed triangle to touch the 
curve, the lines joining the triple point to the points of contact and 
the points where the third side meets the curve again are harmonically 
connected. Hence also, as we have seen before, it is impossible to 
describe a triangle which shall be simultaneously inscribed in and 
circumscribed about the curve. 

Again, we can deduce the following theorem: If a quartic with a 
triple point be described through the vertices of a fixed triangle, and 
through fixed pairs of points on the sides, the locus of the triple point 
is a cubic curve, of which the fixed points on the sides are pairs of 
corresponding points. 


23. If the pairs of points on the sides are at the extremities of the 
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diagonals of a complete quadrilateral, we know that the lines joining 
these points to an arbitrary point form a pencil in involution. Hence 
it would appear that a quartic can be described through the six points 
of intersection of the sides of a quadrilateral, and the vertices of the 
triangle formed by the diagonals, so as to have an arbitrary point for 
a triple point. We can verify this result independently as follows: 
Let x, y, z be the diagonals, and ety+z = 0 the sides of the quadri- 
lateral, then the equation of the quartic must be of the form 


o = ayz (y?—2) + bzw (22— 2") + cay (2 —y?) + 3uyz (le+my+nz) = 0 


Now, if a curve have a triple point, the six second differentials must 
vanish for this point ; hence, if w, y, z is the triple point, we have, 
from (40), cay —bza+lyz = 0, 
ayz—cuy +mex = 0, bex—ayz+nay = 0, 

a(y?—2") + le? +2mey+2nza = 0 

b (2 —2x")+ my? +2ley +2nyz = 0% oes (41). 

c (a@’—y*) +ne +2lza +2myz = 0 
All these equations are satisfied by the values 


(aa Seti ee es Meee (42), 
L=2(y—2), m=y(?—2#), n =2 (e’—-y’) 


showing that the triple point can be assumed arbitrarily. 


24, For a quartic with a triple point, the invariants A and B 
(Salmon’s Higher Plane Curves, Arts. 293, 294) vanish, and we can 
verify that this is the case, when a, b, &c. have the values (42). 
Calculating A and B for the quartic (40), we get 


A=-—12 Cian ee (43) 
B= (lmn+bel+cam+abn)’ 


but these vanish when we put in for a, b, &., from (42). It may be 
observed that it is not possible to write a general quartic in the form 
(40) ; for, from (43), we see that the curve must satisfy the invariant 
relation A? = 144B, 


25. To show that, if a triangle be inscribed in a quartic with a 
triple point so as to have its sides divided harmonically by the curve, 
the points where the sides meet the curve again must be at the ex- 
tremities of the diagonals of a quadrilateral. 
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If the sides , y, z of an inscribed triangle are divided harmonically 
by a quartic U, we have 


U = yz (b, y? +e, 2) +2e (a, 2° +0, 27) +ay (0527+), y") 
+3uyz (le+my+nz) = 0. 
Calculating then the invariants A and B, we find 
A= 12p44gq, B= (p—q)ricrsccsecseersecseees (44), 
where p= 1b,c,+mc,d,+nb,d,—lmn, g = a,b,c, +s 0, C 


Now, we have seen that, when the curve has a triple point, A and 
B vanish; hence, from (44), we get p = q = 0, but p= 0 is the con- 
dition that the points on the sides should be at the extremities of the 
diagonals of a quadrilateral. I-now proceed to show that, if such a 
triangle exist, the quartic must satisfy a special condition, and that 
there are then an infinite number of these triangles inscribed in the 
curve. If we take «0, 0 as the parameters of the double points of the 
involution determined by the points where the sides meet the curve 
again, we may write the equations (38) as follows: 


pla = (J°—Kk,)(I—b)(I—c), pmy = (?—k,) (Ic) (9—a) (45) 
pnz = ($?—12) (9—a) (9-8) 

But, if # divide the curve harmonically, we must have k, = be, and 

similarly for y and z, k, = ca, k,= ab. Now, if we determine 1, m, 1, 


so that, when we put « = 0, y = 0, z= 0, we get y?—z? = 0, 22-2 =0, 
a’ —y’ = 0, respectively, we find 


pe) (ae) pe (00) O20) Bee re eran (ey 
ai bi c 
Eliminating, then, 3 between the equations (45), we obtain 
3 
(ant Byty (Stet )=(Z+5+2) (et By+y%)..(A6), 


where we have putta=a’,b=/*?, c=y’. Now this equation (46) 
evidently does not represent the general quartic with a triple point, 
but one in which two inflexional tangents meet on the curve. If we 
seek the parameters of the triple point in this case, we find 


head a a ore Bene incl hc OS 


which shows that the double lines of the involution are absolutely 
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fixed, and coincide with the Hessian lines of the tangents at the 
triple point. 

It may be observed that, when the curve is written in the form (40), 
the tangents at the vertices are cy —bz = 0, az—cu = 0, ba—ay = 0. 
Thus we see that these lines always pass through a point. 


26. I give an independent proof that the problem, to inscribe a tri- 
angle in the quartic with a triple point, so that the sides may be 
divided harmonically by the curve, is either indeterminate or im- 
possible. 

Let the curve referred to the triangle formed by the triple point 
and the points of contact of a double tangent be written 


ay? —2 (y— az) (y—ba) (y—cn) = 0, 


then we may take «= f, y= If, z = #, where f= (9 —a)(I—b)(J—0), 
and then, from (85), if any right line meet the curve, we have 


BLN CE OO ed, (SY 


a? li C 


Now, if 3,, 3,, 3,, 3, are harmonic, we have 


2 dotdedy) = Cp +95) (Sets) ccoeAle reso (49). 
Eliminating then 3, and 3, between (48) and (49), we get 
a {2 (J, 4, + be) — (b +c) (,+,)} 
(a—b) (a—c) (a—3,) (a—9,) 
a b? {2 (I, F,+c6a) —(c+a) (9, +5) t 
(6—a) (b—c) (b—3,) (b—9,) 
c {2 (9,9, +ab)—(at+b)(4,+5)} =i) 50 
¥ =a) (e—6) (3) (c—3,) po 


Let us suppose now a conic defined by the equations 
@ = (b—c)' (9-2), y = (c—a)?($—0), 2 = (ab)? (9-0), 
LCs, OTA TINE e aa ty haves eh aot tee. (51), 


then, if x, y, z are the coordinates of the intersecticn of the tangents 
at the points 3,, 4,, the equation (50) will become 


a’ (b—c)* yz (yte—a) +0? (c—a)* za (2+ e-y) 
+c? (a—b)* wy (e@ty—z) =0 ween (52). 


Hence the problem becomes, to circumscribe triangles about the conic 
(51) which shall be inscribed in the cubic (52). Now I have shown, 
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in §12 ofa paper published in the Proceedings; Vol. xv., p. 4, that 
when it is possible to circumscribe an infinite number of triangles 
about a conic so as to be inscribed in a cubic, then the points where 
the sides meet the cubic again must lie on a line, and this line must 
touch the conic. But this line for the cubic (52) is w+y+z2=0, 
which cannot possibly touch the conic (51). If, however, we have 


a (b—c)*+B? (c—a)*+o? (a—b)* =O. eee eee eee (53), 


the cubic (52) becomes divisible by «+y+z, the remaining factor 
being the conic 


a’ (b—c)*yz+b? (c—a)* za+c? (a—b) ay = 0; 


and, since this conic circumscribes an infinite number of triangles 
circumscribed about (51), the problem then becomes indeterminate. 
We can verify that (53) is the condition that two inflexional tangents 
should meet on the curve. Let 3,, 3, be the parameters of the 
inflexions, and @ the parameter of the intersection of the correspond- 
ing tangents; then, from (48), we have 


a MS b? ae c 
(a—9,)§(a—9) © (b—5)* (6-9) — (c—)* (0- 9)’ 
2 b? 2 


a Pex = C 
(a—5)? (a—g) — (b—3,)°(b-9) — (c—4,)* (0 9)’ 
whence, eliminating 3,, 3,, ¢, we get (53). 


27. From the theorem in § 21, it is easy to deduce that it is possible 
to inscribe an infinite number of triangles in the curve so that the 
pairs of points where the sides meet the curve again may be conjugate 
with regard to a fixed pair of lines passing through the triple point. 
When the fixed lines are the Hessian lines of the triple tangents, we 
see, from (47), that the triangles are those considered in the pre- 
ceding paragraph. 


[It has been pointed out to me by Professor Cayley that Clebsch 
(Crelle, t. 64, p. 64) has arrived at seven distinct systems of conics 
which have quartic contact with the plane unicursal quartic, whereas 
I have arrived at but four systems. Three of these systems appear 
to have been obtained by considering the cases of two negative and 
one positive sign in equations (19) of the text. But, from the identical 
relation (17), we see that these cases cannot exist. A few other 
statements of Clebsch, in the paper referred to above, seem to require 
similar modifications. | . 
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January 8th, 1885. 
J. W. L. GLAISHER, Esq., F.R.S., President, in the Chair. 


Mr. F. R. Barrell, B.A., late Scholar of Pembroke College, Cam- 
bridge; Mr. S. O. Roberts, B.A., Scholar of St. John’s College, 
Cambridge; and Mr. M. N. Dutt, B.A., Calcutta University, Professor 
of Mathematics, St. Stephen’s College, Delhi,—were elected members. 
The Rev. T. C. Simmons was admitted into the Society. 

The following communications were made :— 

The Differential Equations of Cylindrical and Annular Vortices, 
JEiye) i AGS ees WOO 

On Criticoids, Rev. R. Harley. 

Multiplication of Symmetric Functions, Captain MacMahon. 

Note on Symmetrical Determinants, Mr. Buchheim. 

The President (Mr. Walker taking the chair) communicated 
Results in Elliptic Functions. 

Mr. Tucker communicated a paper (supplementary) on Limits of 
Multiple Integrals, by Mr. MacColl, and read a Note by Prof. Cayley 
on the Binomial Equation w?—1=0, Quinquisection (Second 
Note). 

The following presents were received :— 

‘¢ Annali di Matematica,’’ Serie 11., Tomo x11., Fasc. 4°; Dec., 1884. 

‘¢ Educational Times,’’ for January, 1885. 

** Proceedings of the Academy of Natural Sciences of Philadelphia,’ Part 11., 
May to October, 1884, 8vo; Philadelphia, 1884. 

‘‘ Nieuw Archief voor Wiskunde,”’ Deel xt.; Amsterdam, 1884. 

‘¢ Beiblatter zu den Annalen der Physik und Chemie,’’ B. vut., St. 12. 

** Atti della R. Accademia dei Lincei—Transunti,’”’ Vol. vm1., F. 16 ed ultimo; 
Rome, 1884. 


The Binomal Hquation «?-1=0; Quinguisection, Second Note. 
By Prof. Cayiey. 
[Read January 8th, 1885.] 

In the paper, “‘ The Binomial Equation #—1=0; Quinquisection,” . 
Proc. Lond. Math. Soc., t. 12 (1880), pp. 15-16, I considered for an 
exponent p = 5n+1, the five periods X, Y, Z, W, T’ connected by the 
equations 

DOL NVA dK 
Me em ClUY dy, & 
A NYessfe 9, Ny | ty 9 
idaho ley» O 
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and the equations deduced from these by cyclical permutations of the 
periods and of the coefficients of each set, but I did not obtain com- 
pletely even the linear relations connecting the coefficients. I since 
found, by induction from the examples given in the Table 1, that the 
coefficients could be expressed linearly in terms of the linearly inde- 
pendent integer numbers a, (3, f, k as follows: viz., introducing for 
convenience the new number 6, such that 


at+Pp+0 = ;(p—1l), 
then the expressions in question are 
a, b,c, d,eé =—1—20+a+ 8, —@—a—B+f, —0—a—B+h, —a—2B—k, —2a—B-f, 


if Js h, a, 7 = uD 0—a—f; a, B, Qa, 
k, l, N,n,O = k, a, 6—B—k, B, B, 


and I found further that, substituting these values of the coefficients 
in the 20 quadric relations referred to in the former paper, the 20 
relations reduced themselves to two equations only, viz., these were 


-0(—2a+6+h)+30°—f? + a(f—k—1)—Bf+f'—2fk = 0, 
—P+46(88+2k+f) + @—ab—3?—ak+fh (1—f—k)—-h’—2fk = 0. 
The final result thus is that the coefficients are expressed as functions 
of the five numbers a, (3, f, k, 8, connected by the linear equation 
a+6+8=+1(p-—1), and the two quadric equations. I remark that 
formule equivalent to these were obtained and proved by Mr. F. 8S. 
Carey in his Trinity Fellowship Dissertation, 1884; viz., writing 
n =+(p-—1), his formule are 


a, b,c, d,e=a—n, B—n, y—n, O—n, e—n, 
TGs It — OE, £2 OEP, awn, 8 an, 
k, l, Mm, N, O i= Y) P, 0, oO, O, 
with the three linear relations 
at+tPp+ y+to+te = n—l, 
B+e+2p+o = 1, 
y+to+ p+20 =n, 
and the two quadric relations 
+ y' +20a t+ (p—o)(6+y)—2p (e+e) = (C—y)(B—-e), 
(?+e' + 2pa+ (o—p)(B+e)—20 (+0) = (y—0)(G—e), 


the coefficients being thus expressed in terms of the seven numbers 
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a, B, y, 0, €, p, ¢ connected by five equations. The equivalence of the 
two sets of formule may be shown without difficulty. 

To the Table 2 of the Quintic Equations, given in the paper, may 
be added the following result from Legendre’s “Théorie des Nom- 
bres,” Ed. 3, t. 11., p. 218, 


1 Se oir i y 1 


64 | 1 +1 —256 —564 +5238 —5120 | = 0, 


calculated by him for the isolated case p = 641. 


On the Theory of Matrices, By Mr. A. Bucuuetm, M.A. 


[Read Nov. 18th, 1884.] 


INTRODUCTION. 

The methods used in the following paper are essentially, though 
not historically, an extension of Hamilton’s theory of the linear func- 
tion of a vector, and the simplest way to connect Grassmann’s methods 
with the theory created by Cayley and Sylvester will be to connect 
them both with Hamilton’s investigations. 

It is, or ought to be, well known that the linear and vector function 
of a vector is simply the matrix of the third order. This is obvious 
from the definition: for, if e is any vector, = ¢p is a vector whose 
constituents are linear functions of p’s constituents ; that is, if 


ep=wtyjtek, c=avityjt+e7k, 
we must have the three equations 
a = axtayt+a’2, 
y = batby +b'2, 


g = catcyte’s, 


that is, Cie same ae er ELKO, 2) apa hoacs toe reves neon (Leys 
fae Dane b 
Ciy.Cw OF 


That is to say, it is the same thing whether we say that o = dp, or 
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that the constituents of o are obtained from those of p by operating 
on them with a certain matrix; and we see that in this sense we can 
identify @ with the matrix, and we can say that 


Do 2 IS EY I) Rr oss xp pore Venter 
ihe Ie 
PR 








Now, in (A), let p = é, that is, let (yz) = (100); then 
(wy'2') = (abc), 
that is, o= a+bhj)+ch, 
or say, gi = aithj+ch=a. 
In the same way, we get 
gj =ait+bjtck=a, 
gk =att+Uj+eh =a". 


Andthen ¢p=¢(eityjt+zk)= (ae+ayta’z)t 
+ (ba+b'y+b"2) j 
+(ca+cy +c"z) k 
= xz(a +b) + ck) 
+y (at + Uj+ck) 
+2 (a+b +c"h) 
= wzatya'+za". 


And we can say that (the linear function or matrix) ¢ changes 7, 7, k 
into three given vectors a, a’, a”, and changes any other vector 
ai+yj +zk into za+ya'+z2a". 

Now, on looking at what precedes, it will at once be obvious that we 
have used none of the special properties of 7,7, k: so far as our work 
is concerned, they might have been any three vectors, provided only 
that every vector could be expressed in terms of them ; and if we call 
three such vectors asyzygetic, and change the notation, we can say 
that a linear function, or matrix, changes three given asyzygetic 
vectors a, 3, y into three given vectors a’, (’, vy’, and changes any vector 
aat+yB+zy into wa’+y)'+2y. As regards the word “asyzygetic,” 
I remark that any vector can be expressed in terms of afy, provided 
Say does not vanish ; and we know that Say = 0 is the necessary 
and sufficient condition that we may have a relation A\a+pb+vry = 0, 
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where A, p, v are scalars: it is better to use this as a definition of 
asyzygetic vectors ; viz., three vectors are asyzygetic if they are not 
connected by a linear relation with scalar coefficients. 

If we use the notation of the paper, we can write 


awe a: B, y 
? a, B, Y 
d (tatyB+zy) = aa’ +yP +27’. 
If (a Byi)i='CG “be 0 apy), 
. Gon Dac: 
te b” c’ 
(ae NS ED, 
bag Ow Oe 
a co 








Before passing on to matrices of any order, I shall give a simple 
application of the method as an example. I choose the proof of the 
identical equation (Hamilton’s Symbolic Cubic). 

It is known (cf. Hamilton’s Hlements, § 353, seq.) that for any 
matrix @ there are in general three scalars , pw, v, and three vectors 
a, , y, respectively, such that 


ga=Aa or (¢—A)a=0 
98 = pB or (-p) P= sesseseeecerssu vee (GO) 
gy=ry or (¢—-v) y=0 
and that the three vectors a, 3, y are asyzygetic. Let p= vat yBh+2y 
be any vector; then 
(g—A) p= 0 (yd) aty (9—D) B+2 ($—N 7 
= y (g—A) B+z(g—A) y, by (©), 
(¢—H) (P—A) p = ¥ (6-H) (A) B+z2 (G—-H) (GA) 7 
= y (—A) (@—) P+2 (A) (O-B) Y 
= 4#(¢-r) (O—-#) y%» by (0); 
(p—») (P—H) (PA) P = 2 (—-A) (9-H) (9-7) 
= 0, by (C). 
That is, (¢—d) (¢—) (¢—v) p always vanishes ; that is, 
(p—A) (9—#) (—¥) = 0." 
* This result might, of course, have been obtained in one step, and the general 


theorem is so obtained in the paper. I have preferred the lcnger form of the proof 
because it seemed to show the principle involved more clearly. 
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We have now to extend this theory to matrices of higher orders. It 

is fairly obvious that, in the case of matrices of the third order, the 

success of the method depends on the fact that for three variables 

(a, y, 2) we are able to substitute a single vector (wza+y3+zy); and 

the only property of the vector that we have used is the following : 
If wat+yp+ey = watyB+z2’y (a, B, y being asyzygetic), then 


Ces ee 


Now, to extend this to sets of more than three letters, take n units 
C1) Cy) C3) «»» &, (we are not at present concerned with their meaning) ; 
and in place of the set of n letters z,, a, ... %, consider the point 


US Hy OF Wy, + Wy lg t ove Hn en, 


and stipulate as before that . 

@y Oy H Wg Cg Hg gH verb Bn On = Yy Oy + Yo lg tH Y3 lg oes FY nens 
say Cost), 
shall mean C= Yi, y= Yq... Ua = Yu 


Then we have, for instance, . 
At py = (At + HY) Cree HAM AEMYn) Cny 
where A, p are scalars. 


We now require the theorem,—LHvery point can be linearly ex- 
pressed in terms of any n asyzygetic points. Passing over the word 
asyzygetic for the present, it is easy tosee the meaning of the theorem, 
and to convince oneself of its truth. Let w be any point, and let 
a, 2, y... be m given points; then we are to have 


Ba NOD Vey cts asesnscavny cig fan eee (a), 
A, #, v... being scalars, that is 
Wy Oy Ug... tApln = A (aye, tayegt... tanen) 
+h (B,e,+ Bye +... + Bren) 
HY (YG +202 + 0 F Yn en) 
a Pk 


= & Aqtpep,tryt...) 
Fee @iaaptelasaaah oe 
Tae 
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That is, we are to have 


@ =ha,tpBytryt... 


Vo = Nay + mB, tvy_+ eee anor re 
Now we know that these equations determine A, yw, v..., if, and only if, 
A = Cy By V1 cveses 


Te TES : Y2 SIO 


Ay Bn Vn eee ees 


does not vanish. And therefore, if we say that the points a, B, y... 


are asyzygetic if A a Q, the theorem is proved, and we have also a 


definition of asyzygetic points. But we can get a better definition: 
for we know that A = 0 is the necessary and sufficient condition that 
we may be able to solve (D) after putting z,=2,...=2,=0; and 
therefore, if we go back to the equation (d) from which (D) was 
derived, and write, as we obviously may, 


0 = 0e,+0e,+... 0e,, 


we see that ” points a, B, y ... are not asyzygetic if it is possible to 
satisfy a relation of the form 


O=dAatpO+ry+t..., 


or, say, 1f they are connected by a linear relation with scalar co- 
efficients ; or, in other words, m points are asyzygetic if they are not 
connected by a linear relation with scalar coefficients. This is the 
sense in which the word is used in the paper. 

Now, suppose we have taken n asyzygetic points e,, ¢,... @,, and 
have expressed everything in terms of them, and consider the trans- 
formation 

(Yay Yor 0+ Yn) = (My Ay oe Ain QM, a, «1. Bn), 
a, gg +++ on 


Ani Ong «++ Ann 


write ¢ to denote the matrix || a; ||, and denote the transformation 
by y = oe. 
Now, take « = ¢,, that is, take 


(4,105). .0@ ) = C,.0,...3:0); 
pees 
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then we get (Yr) Yo vee Yn) = (Qi a1 «++ Ami); 
Moreover, SOG 1 (Oi ey nes ee ines 


+ 65 (Gy, 1 + Ogg y+ «++ + Gon @n) 
+ 6, (Gn ®y + Aye + 0. FAnn®n 
= hy (Aq, Cy + Og yg + 0 + On On) 
+ Bq (042, + Ogg €g Hoes FOn2 Cn 
+n (Ain Cy + Con lg + 6+ F Onn en 
Say Ly ola get ass te an. 
And we see that we can say that the matrix ¢ changes the points of 
reference, €, €... €, into n given points a, a, ...a,, and then changes 
any other point (a,e,+@,@+...+%n€n) Imto wa,+@yagt... F%n Ay 


This is the definition of the matrix used in the paper; the relation 


between a,, &c. on the one hand, and the matrix on the other, will be 
made clear by the following set of equations: 


CAE poppe cry hy seduce: Qin q Bis tges. Cals 


Ay} Ag, eeeeee Aon 


eoe aoe eee eoe 


An) One eonece Onn 
¥Y = $e, 
a;i= Pei, 


(a, Clg vee ay) — ( Ay, Ug, sev eee Any y C1, Cg vee En), 


* In strict analogy with the rest of the notation, a, should of course denote 
@y) 0 + MQ lg +... +4nen; but this inconsistency is unavoidable if we are to keep to 
the ordinary conventions for matrices. I do not think it need cause any confusion ; 
I have tried to guard against it by using a, instead of a. 
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pu = @1 A, + Wy Ag+ eve +n Qn, 


Ree Chys. ghz, 41,0 
€; €4 vee En 


p 


It remains to add a few words on the multiplication of points. The 
laws of the multiplication of all points depend on the laws assumed 
for the wnits ; the law assumed by Grassmann is that known as polar 
multiplication; viz., we have ab = —ba, a’ = 0, for the original units of 
reference, and then this law holds for all points.* From this, and the 
associative law, it follows that any product of points vanishes if a 
point is repeated. We can use this theorem to interpret the products 
of points. In all that follows, I use geometrical language. The point 
# is supposed to be the point in a space of (n—1) dimensions, having 
as its homogeneous (multiplanar) coordinates (#,, v2... @,) ; and then we 
can use the following definitions: let a, (3 be two points, then, if A is 
a variable scalar, the point a+) moves on the straight line af; if 
A, # are two variable scalars, the point a+A+ pry moves in the plane 
apy ; if A, u,v are scalars, the point a+AB+puy+v6 moves in the linear 
space (three-point) ayo; and generally, if \,, A,... A,_, are scalars, the 


point A =atdr,a,+A,a,+... FA, 14,21 


moves in the r-point (a, a,...4,_;); since A can have a oo” series 


of positions, depending linearly on (r—1) parameters, it is obvious 
that an r-point is the same as what Clifford calls an (r—1)-flat. 

I shall follow Grassmann in enclosing all polar products in square 
brackets. We have to interpret the product [af]: we have 


[Ca +B) (a+XB)] = [aa] +r [ab] + [Ba] + [68] 
= (NA) [af]. 
For [aa] = [6B] = 0, and [Ba] = — [af]. 
Therefore the product is unaltered, to a factor prés, if for a, we 
substitute any two points of the straight line aj}; and it will be 
altered if we substitute any point not on the straight line (this can 
easily be verified) ; thus we see that the product appertains to the 


straight line, and defines it; we may therefore say that [af] ts the 
straight line af.+ Moreover, we see that 


[aB (a+AB)] = [aBal+A [ab] 
aus 
* This law and the commutative (ab =a) law are the only laws for which this is 


true ; this is proved by Grassmann in his Ausdehnungslehre. 
t Of. Proc. Lond. Math. Soc., Vol. xtv., p. 84. 
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Therefore, the product of two points is the line joining them, and the 
product of three collinear points vanishes. 
_ In precisely the same way, we can show that the product of three 
points is the plane containing them, and that the product of four com- 
planar points vanishes; and, generally, the product of r points is the 
r-potnt determined by them, and the product of (r +1) points contained 
in the same r-point vanishes. 

This last theorem can be put in another form. Suppose the (7+1) - 
points a,, ay... a,4; to be in the same r-point ; then, since a,,, is in the 
r-point (a, a, ... a,), we have, by definition, 


epee Oa eats Oye 


That is, the (*+1) points a are connected by a linear relation, that is, 
they are not asyzygetic, and,. writing r for r+1, we can say that the 
product of r asyzygetic points is the r-point determined by them: if 
the points are not asyzygetic, the product vanishes. Moreover, it can 
be proved that, if r points are not asyzygetic, their product will not 
vanish, and we have, therefore, the important theorem: the necessary 
and sufficient condition for the existence of a linear relation 


connecting 7 points, is fapapeero wae 
Lastly, I have to remark that the product of n points 2, %, ... %, 18 
Dety) vial een eyes ee 


and that [e,, e ... &,| can always be supposed equal to unity. 


On p. 241 of the Ausdehnungslehre of 1862, Grassmann defines a 
certain operator, which he calls a quotient: this operator transforms 
m given points of a space of (n—1) dimensions into n other given 
points, and then transforms any (n+1)™ point into a determinate 
point. This operator is, in fact, the general matrix of the n™ order ; 
the object of the present paper is to treat the theory of matrices from 
Grassmann’s point of view.* It will be seen that some important 
parts of the theory are considerably simplified by this treatment. It 
is hardly necessary to point out that there is not a new theorem in 
the paper, and that its existence can only be justified, if at all, by the 


* Of. Clifford: ‘‘A Fragment on Matrices,’’ Math. Papers, 337. 


1884. ] the Theory of Matrices. 71 


methods employed. The language and notations of the paper have 
been explained in the introduction. 


1. Take n asyzygetic points, e,, e,... €,, and » points corresponding 
to them, a,, a,... a; then a matrix ¢ of the n™ order is defined as an 


operator, such that pe; = a, 


and that C6; = Seo,pe; = Ye,a,, 


the c being scalars; this matrix can be conveniently written as a 


i Cpa ad. 
fraction Se lect ees 
ers Oger ea 
e aA; 
or, more simply, (a ae 
e; 


We may, if we please, make this notation more definite by adopting 
a notation of Prof. Cayley’s,* and writing 


ae 
Tastee 


ej 


Another form is also convenient, and is, in fact, the usual form; let 
a; = Za,,e,, then we write 


o= ( any Cie Oasis); 
Ay, yg gg «ss 
Os, Ago Ags eve 


viz., we have 


(a, Ay, Ag ae), = (a) Gy, Ay... y Cr, Cs, Catave)s 


and then o= 





has the form just given. 


2. Two matrices, ¢, 9’, are said to be equal if ga = g’a, whatever « 


* Ll ers ple =a. 
Lrg b 
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may be; if e/ is any set of n asyzygetic points, ¢=¢ if ge = 96; 
for we can express a in the form Ya;e;, and then we have 
gu = Dx; ge; 

= Baio e 

= oa. 
Hence we can prove that, if e| = Sc,e; is any asyzygetic set,* 

ga Ha Ths, 
G; e; 

for pe; = Boj pe; = Uej; a;. 


Lastly, if ¢’e; = Age;,, where A isa scalar, we obviously have generally 
oa = Apa, or ¢ = Ad, and, if pe; = re,, P = A. 





5. If we have co see 
we) 
x a 








need; 
Xo a 
: b; a; b; 
that is, xp a = fl 


This product need obviously not be commutative. I proceed to show 
that it is associative. Let 














— Ge 7 0; Pian LF 
men A Ae IA me 
' Gd; Ne aa ee ee eel 
Then (¢'¢)o= (S fet ) =e BO ae 
A; a; Ca a; eC; eG; 
/ 4} , 4/ 
ron $ (S.a)ag tad 
a, \a; e; aj ej ej 


and therefore the product is associative. : 

The following formula is important, but no use is made of it in 
this paper.f 

Let ¢= ma hi ri a bye 


e; e; 


* Set means set of n points. 
+ It is, in fact, the ordinary formula for the multiplication of two matrices. 
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Se; (Zax b;;) 
Then ¢'¢ = + _+—___., 


173 





We have ¢=2 


Sain, &O;5e; j 
2; X dix, Djs 
= it ___ = 
; 36; (Zaiz bj) 
Therefore go =i _i:__—_ _ (k= 1... n). 


Ck 


Citi ee, n). 


6. We have now to consider the following problem: Given a 
matrix @, to find a scalar A, and a point #, such that 


pu = de, 
or (¢—A) #= 0. 
Let % = 3 xe; 


be the required point, then we have 
OQ = (f—A) @ = Da; (G—A) Cyereceerenssscee sense (A), 


That is, the n points (¢—A) e; are asyzygetic; and their product 
therefore vanishes, that is, \ must satisfy the equation 


[IL (9A) 64] = 0 vossesreeccssssenrceeeseers (BD. 


If this equation be multiplied out, we get an expression fA[¢, ... en], 
and, as the second factor does not vanish, \ must be a root of fA = 0; 
and then the 2, are obtained (by solving a set of linear equations) as 
the coefficients of the syzygy (A). If there are s unequal roots of 
the equation fA = 0, we obviously gets points z, one such point apper- 
taining to each root: in particular, if the x roots are all unequal, we 
get n points. It is possible, however, in every case to get n points 
appertaining in groups to the different roots of fA=0. This I proceed 
to show.* 


ee  _.._..  ___....___...._..__ 


* If p=|| axl], (6—A) ey =(a1—A) 1 + 4 lot -.. and if we write down the corres- 
ponding expressions for (p—A) é, &c., and use the theorem given at the end of the 
introduction, we shall get (B) in the form fa[e,;—en], and it will be seen that fa = 0, 
the well-known determinant equation giving the latent roots. 
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The whole investigation depends on the fact that, since we might 
have expressed w in terms of any n asyzygetic points, we can substi- 
tute any » asyzygetic points for the e,, in (B). 

Let A, be any root of (B), let (@—A,) e; = e; ; then we have, by (B), 


(eres aca ie. 


It follows, from this, that we have at least one linear relation connect- 
ing the e;; but there may be more. Let there be r relations, 


DAs enw ee ala y it) eee O)), 
j 
where e; = (9—A,) &,. 
Let ; aA; €; = i. 


Since the ¢ relations (c) are asyzygetic, by hypothesis, it follows that 
the 7 points a are asyzygetic, for, if they were not, and we had 
31,4; = 0, we should, by operating with So A,, get a relation connect- 
ing the equations (C). 

It follows that we can substitute the points a forr of the e: suppose 
we substitute them for e, ... e,; then (B) becomes 


[a, Oty ee Gp er aay en] = 0, 


if a; = (¢—A) a; 

But (C) gives (¢—A,) a; = 0, 

or ga; = Aya, 

and therefore (@—A) a; = (A,—A) a, 

and (B) becomes (A; —A)7[G, 05... d,-¢,.; ..2¢,|—= 0... eC 


Therefore, if there are asyzygetic relations (C), there are 7 points a, 
such that (¢—A,) a; = 0, and A, is an r-tuple root, at least, of (B). 
But the multiplicity of A, may be greater than 7; if it is, we must 


have [a an.uva, ee, 
e; = (p—A,) (Se 
Suppose, as before, that there are s asyzygetic relations 


4 By aj;—% Bye =O) tii Gees) rereessnees(C'). 
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Then all the coefficients B;,,,1)... B;, cannot vanish, since the a are 
asyzygetic, and we can take 


b= S Bye G=1..38), 
rt+l1 


and substitute the s points bin place of, say, ¢,,, ... €-4;. We have now 
to see what (B) becomes. In the first place, we get 


Chie N apes ane 0 Omir ea cs 6 Ge |e O conn Paces (B’)), 
if DESICn10 oe 
Now (C’) gives = B;;a,—(9—A,) 5; = 0, 
for > Bye = (¢—A) b;. 
Therefore ob; = A, 0; +23 Bi; a). 
Therefore (@—A) bs = CA) 0,43 By a. 


mherefore.. 0, :.< Gn 0,:s.007) = | Oya a,] UL [(A,—A) 54+ B, a;] 
i=l 
| = [a, ... a,| IL (A,—A) 5;* 
; aa (Ay Nall Oper at Oy Op teg Osi), 
and (B’) becomes 
CA) [0 ven Gy By ose By Grsaet 220! On) = Oveesesers ss. (BY). 
It is obvious how we might go on if the multiplicity of A, were 
greater than r+s; we should get ¢ points c, such that 
(@—A,) 4 = Bey ajt+cjd,, 
and then (B”) would become 
PRN A Vere uar ree Us ea Ur Cree Of Gn) Fi 2,1002 Cy | as Use aes (Bey: 
We can now enunciate the following theorem :—The equation 
[the left-hand side of which is called the latent function of ¢] has n 
roots [called the latent roots of g]; to a latent root (A) of multiplicity 
a appertain a points; these points group themselves into sets, such 


that, if we call the points of the first set a;, those of the second set 
b;, and so on, we have 


Pa AQ, Ab; + Aj, he; +A; +B;... 
rte De C; ; 
where A;, B;, &c. denote syzygies of the a;, b;, &e. 

* Vide p. 69, 1. 8. 


76 Mr. A. Buchheim on [Nov. 13, 


Now it is obvious that the A, &c. are asyzygetic: this follows from 
the way in which they were determined. It follows that their number 
cannot be greater than that of the a; and obviously ¢4; = AA; We 
can, therefore, substitute the A; for an equal number of the a, and 
then we get 
Aa, AD; +a; Ac; +A;+B; 


Qi, b;, C; 


6= 


where obviously A; is not the same as before. But now we can sub- 
stitute A;+B; for an equal number of the 6. Let B; = 3B,b;; then 


p (A;+ B;) =A (A;+ B;) + 2B; a;. 


Therefore we must substitute 2B;,a; for a,, and then we get 


__ Aa, AD; +4,, Ae; +); 
? ial Qiy Dis C; 
and it is obvious how we may proceed.* 

The points a;, b;, &c. are called the latent points of ¢ appertaining to 
the latent root X. 

The number of groups a; 0, c; that we get for any latent root 
depends on the coefficients of the latent function. There are two cases 
in which the theory of the latent points is particularly simple :—(1) the 
case in which no latent root is repeated, so that, for a latent point 
a; appertaining to a root \;, we have 


oa; = A; A; 3 


and (2) the case in which a latent root is repeated, but all its latent 
points are a’s, so that, again, for all latent points a, appertaining to X,, 


Pa;; = d; U5;« 


7. We have (¢—A) a; = 0, 
(@—A) 6, = a, 
and therefore (9—A)?b; = (9—A) a; = 0; 
similarly (9—A)*a, = 0, 
if x; is a latent point in the s** group. 
Therefore, if there are s groups of latent points appertaining to A, 
(g—A)*e; = 0, 


where e; is any latent point appertaining to A. 


* Jordan, ‘‘ Traité des Substitutions,’’ 125. 
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Therefore, if the latent roots are A,, A, ... A,, and if there are s, ... s, 
groups of latent points appertaining to them, then, for any latent 
point é;, 
(¢—d,)” (¢—r,)” i. (¢—A,.)*"e; = 0. 

But the ~ points e; are asyzygetic; therefore, for all points a, 
(P—A,)""(P—Ag)” ... (P—A,)” w = O, 

that is, (¢—),)"1(@—A,)? ... (G—A,)*" = O. 


This is the identical equation. 


If the roots are all unequal, 7 = n, s,=s,=... =s, = 1, and the 
equation is 
(G—A,) (P—Ag) «1. (PHAn) = O. 
8. We have oa, = ui, 
and therefore gp” a; =r” a3, 


and generally, if fis any function, not involving matrices other than ¢, 
F(o) a =f A) a 
We have ob; = Ab; +4; 
gb; = dob;+ oa; 
= d (Ad; +.4,) + Aa; 
= ?b;+2ha,, 
and generally Ft (¢) 6: =f (A) OF +f A) a. 
In the same way, if #; is in the s™ group, 


fo) a =f A) at... $fO7P (A) ay 


DmNow let ¢; = 5s; =... = 1s, = 1: then we have, if 
(A—A,) AAg) «. (A—A,) = XA, 
x 
ROX OR # Adee) Ys del! ee eA 
Fe) (p—A:)  XAs 
f being any function not involving any matrix other than ¢. 

The function x (¢) 
g—A, 


simply means 


(~—A,) (~—A,) one (9—Aj-1) (@ — Aj+1) a4 (p—A,). 
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To prove (A), I denote the right-hand side of it by F'(¢), and I 
show that f(¢)e =F (¢) «6, e being any latent point. We have, 
if e; appertains to A,, 





x (¢) AS hd xAj a 
(@—A) ~ AHA 
=0 if i2j 
SSO Te SS 
Therefore F (9) 6 =f (A) 4 


=f () &, 
and, therefore, generally f(¢) = F'(¢)*. 


If the s are not all equal to unity, the formula is much more com- 
pleated. 


10. If we have r asyzygetic points e;, and no more, such that ¢e,;=0, 
@ is said to be of nullity r. I follows, from what was proved in (6), 
that in this case (since ge; = 0.e,) 7, at least, of the latent roots must 
vanish. But more than r may vanish; and, accordingly, if s latent 
roots vanish, ¢ is said to be of vacuity s. We see that the nullity of a 
matrix cannot be greater than its vacuity, but may be less. A point 
z, such that gz = 0, is called a null-point of @: the r-point determined 
by the r asyzygetic null-points of a matrix of nullity r is called the 
null-space of the matrix. 

Ife,... e, are r asyzygetic null-points of a matrix of nullity r, it is 
obvious that SA,e,; is also a null-point; thatis, every pointin the null- 
space of a matrix is a null-point. Moreover, it is easy to see that every 
null-point must be in the null-space; for, if there were a null-point 
€-+1 not in [e,e ... é,], we should have (r+1) asyzygetic null-points, 
and the nullity of the matrix would be r+1. 

Applying what was proved in (6) above, to the case A = 0, we see 


that we get iS UO Pace, 
RO ORS (OF 3 


We see that, if there ares groups a,b,c... and a, 6, y ... points, 
a;, b;, ¢ ..., the nullity of ¢ is a, and its vacuity a+B+y...; the 
nullity of ¢* is a+/ (since ¢?b=0, ¢’?a=0), and its. vacuity a+P+y...; 
the nullity of ¢@° is (a+f+y...), and its vacuity a+B+y... There- 
fore the nullity of ¢* is equal to its vacuity: and, if we apply this to 


* (A) is Professor Sylvester’s “interpolation formula,’’ giving the standard form 
to which all functions of a matrix can be reduced: it appears above in what is, I 
think, a more general form than Professor Sylvester’s. 
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the matrix ¢—A,, where X, is a latent root of ¢ having s; groups, we see 
that s; can be defined as the order of the lowest power of (¢—A,) of 
which the nullity is equal to its vacuity. 

Consider the equation y = gz. Givenz, this determines y uniquely ; 
given y, «is not determinate unless the nullity of ¢ is zero: for, if 
we have y = ou = 92", we have 


9 (w—a’) = 0. 


Therefore (e«—z’) must be a null-point of ¢; and, if ¢ is of nullity r, the 
solution of the equation y= ¢# contains r arbitrary constants : if « 
is any solution, the general solution is 


e+ SA; Cis 
1 
the e being r asyzygetic null-points, and the d arbitrary scalars. 


1l. Now, take as points of reference r asyzygetic HMOs €, yer Ces 
and »—7 points not in the null-space of ¢; then, if 


n 


w= DaA,ei, 
1 
Lis n 
pe = LH, be; + 24; He,, 
1 r+l 


n 
— D2: H6;, 
r+1 


since ¢e, = ge, = ... = pe, = 0: therefore the point oz is in a certain 
(n—r) point; viz., the (n—r) point 


TL = [e541 - PCpan vo» PEn |. 


This product does not vanish ; for, if it did, there would be a relation 
Sc, ge; = 0, 
r4+1 


that is, prc.e, = 0. 


Therefore there would be a null-point of ¢ in [e,.,... é,], which is con- 
trary to the hypothesis. 

The (n—r) point II is called the latent space of ¢: itis obvious that 
it contains all the latent points for which A does not vanish. 

If the vacuity of ¢ is greater than r, it follows, from what was 
proved above, that the latent space of ¢ will contain some or all of its 
null-points. 


12. Let $, x be two matrices of nullities 7, s respectively: it is 
required to find the nullity of gx. I shall show that, if the null-space 
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of ¢ intersects the latent space of x in a t-point, the nullity of ¢x 
is s+t.* 


I take as points of reference, @, ... ¢,.s, being (n—s) asyzygetic points, 
not situate in the null-space of x, and e,_,41... &, asyzygetic null-points 
of x; let the null-space of @ cut the latent space of x in the ¢-point 
(Hi, ... H,], where the H are, of course, supposed to be asyzygetic; 
lastly, let xe; =e;. Let A = 3A;e; be any point: then 


xA — 3 A,xe: 
1 


n=—8 


— =A; e, 
1 


SINCE Gae,;7 =. = €, = Os thereiore 
n=-s$ 


oxA = 2 Ai pei. 


But we can select from e ... &%_,, 2 —s—t points, asyzygetic with the Z, 
and then we have 


t 
je Po 
k= 


Gi Hy ssa NL) ee ee (X). 


1 jg=te+l 
Therefore, since ¢H, = 0 (since the H are in the null-space of ¢), 
pe; = > awd Cj 

n-Ss t 
and oxXA = 3S ge; (A; + Sa, A;). 

j=te+l t=l1 
Therefore all points ¢, xy, A are in the (n—s—t?) point [é/,1... be,_5] ; 
and, to show that this is actually the latent space of gy, we have only 


to show that these (n—s—t) points are asyzygetic: but if they were 
not asyzygetic, and we had 


~ 
ts 


t= 


a 


0 eee Ci Ct 4s 
ul 
, 
we must have Ben DA; Hj, 


which is contrary to the supposition on which e;,,, &c. were selected. 
Therefore the latent space of gy is an (n—s—+t) point, and therefore 
its nullity is (s+¢); and it can be shown without difficulty that its 
null space is the (s+¢) point joining the null space of y to the ¢-point 
in its latent space, which y transforms into [H, ... H;]. 


13. In all that follows, I shall assume that, in the notation of 
(1). )6 = eee, 


* Cf. Phil. Mag., Nov. 1884. 
¢ That is, that all latent points are a’s: Case (2) of (6). 
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Now let it be proposed to find a non-vacuous* matrix W such that 
do = ov, ¢ being a given matrix. 
Let e, ... €, be the latent points of @. Let e; appertain to A;; suppose 


Aes ee — A — AY, oC. ‘lastly; let 
be; = 2a; 6;. 
Then ove; = 2a; 96; 
= 3a,;A;6;. 
But Yee: = Wye; 
= A; 2a; 6;. 


Therefore, since /¢ = gv, and w is supposed non-vacuous, we have 


a;;A,; = Giz; 


Therefore, unless A; = A;, a;; = 0; and it follows that J transforms all 
latent points appertaining to the same latent root A; into points of 
the same a;-point, if a; is the multiplicity of A;; we therefore have 


v a= Bi, 
where y; is a matrix of nullity n —a;, having [e, ... e,,]as itslatentspace, 


and therefore transforming every latent point appertaining to A; into 
another latent point appertaining to A;. 


Tfa, =a, =... = a, = 1, wecan go further than this, and can assign 
the form of; for in this case it is obvious that / must transform every 
latent point into itself; that is, 








A;e; 
yp = eS, 
C5 
But Aje; 5 x (9) , A; : 
eC; o—A; XA 


using the same notationas in (9). Thiscan be proved by the method 
there employed. Therefore we can say that, if oJ = U¢, and if pis 
non-vacuous, and the latent roots of 9 are all different, is a function 
of ¢, of order (n—1), and with scalar coefficients ; viz., we have 


pax) 4 


e—A; x’ 4)’ 


* A matrix is vacuous if its vacuity > 1. 
VOL XVI.—NO. 238. G 
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where the A are scalars, and yA is the latent function of ¢, viz., 
yd = (NA) oa (LA) 


We can apply a similar method to the equation ¢f = ki, k a scalar. 
We shall find that & is an n™ root of unity, and that, if itis a primitive 
m"™ root of unity, y is equivalent to a substitution operating on the 
n latent points of ¢; viz.,if n= mm’, ~ is the product of m’ cyclic 
substitutions, each cycle being of order m. 


14. As a last example of the methods of this paper, I take the 
solution of the general unilateral equation. 
Let the given equation be 
O= F (a) = A,0"°+ 4,0"! +... +An, 
where the A are known matrices of order n, and w is an unknown 


matrix of the same order. 


Let A, ... A, be the latent roots of #; e, ... e, its latent points. Since 
F'(w) = 0, we have 
0=F(@) e, 


= F(X) ¢. 
Therefore e; must be a null-point of £’(A;); F (A;) must be vacuous, 
and therefore, if we take » points of reference a,, we must have 


U[FQ) g)=0f G=1...n), 


that is, the latent roots of e must be roots of this equation of order 
mn, and, if we take any set of n roots, the latent point of a appertain- 
ing to a root d; is a null-point of £);, and w is thus completely 
determined. 


* Cf, Clifford’s Math. Papers, 339. 
+ This equation is simply Det (FA,) = 0. 
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Results from a Theory of Transformation of Elliptic Functions. 
By Joun Grirritus, M.A. 


[Read Nov. 13th, 1884. ] 


ConTENTS OF Paper. 
General Outline. 


Lemmas 1—4. 
Part I. 
Sect. 1.—Jacobi’s transformation shown to be included in the formula - 
wy = tan (X+ X, aE O60 OF X; (n-)) 
Wn 


2 on 
1+a? x2 


where fan X=iv, tanXn= 


Some identities. 
Sect. 2. — Deduction of a rational transformation-equation from the irrational 
equation y= sin(L+4+B+...) or analogue of y = sin 2n0. 
Lemma 5.—Principle of Duality. 
Modular relations. 
Multiplication by 2m. 
Sect. 3.—Quadric transformations of Abel 
iy = tan (X +X’), 
va +B 


bere Xe gee ee tea mee ee 
ca +a cxu+ad 








Some cubic and quartic transformation-equations in illustration of composition of 
linear forms. 


Pant LT: 
Sect. 1.—Transformation of @-function (Jacobi’s first transformation). 
An identity deduced from the method. 
Sect. 2.—Transformation of @-function corresponding to an imaginary root of the 
modular equation (owing to want of space, only the result of work is given). 
Sect. 3.—Expression for © (nw), or complete multiplication. 
Sect. 4.—Transformation of @-function corresponding to the irrational equation 
y =sin(L+A+...). 
Appendiz.—On a problem in the Fundamenta Nova, Forms of Modular Relations 
M, K =a,+1bAs, &e., 
corresponding to Imaginary Transformations. 


General Outline. 


The following note is an attempt to further develope the theory in 
question, which is based on the assumption that a transformation- 


equation is composed of two or more equations of lower degree. The 
@ 2 
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forms hitherto used by me are practically identical with the follow- 
ing, V1zZ., 








iE y = sin(0+A+B+C4...), 

ext 2, 9 , a 
where sind = 2; Hany z| = See sin A = 200 Loe 

l—a’2’ l—a’x 

1—(1+82)2 23/1 —a? 
cos B = Se sin B = eae SOG A 
and the coefficients are of the forms 
nese 2S edn OS bane. pai regi &e., 
nN nN 1) 12 


if m be the order of the transformation, and 34 (n—1) the number of 
coefficients. 





2. y= sin (2+A+B+C+...). 
This is an irrational transformation-equation, wherein 
LNs Pe) ‘ee ry 2 
ee tl (+kh)aV/1 Bae VRE ace 
V1—ke? V1— he 
: Daa /1 —2? l— (1+?) 2? 
sind = —— 4 wpe 
2b'e /1— 2 1—(1+b") 2 | 
Bin be eye cos B= ee, &e., 


a= hen °&, dn Daas &e. ; 
1 Tv 1 


Qn the order of the transformation, and n—1 the number of coefficients. 
Intimately connected with (2) is an equation (3), viz., 


y = cos (A+B+C+...); 


1... y = rational and integral function of « + ditto of the same degree. 


But, besides the forms in question, there is also a remarkable one | 
which may be called the complementary equation ; this is 


wy preheat (X+X,+X,+...) eee vec erecenesecce 1 (4), 
X, X,, X,, &e. being functions of 2, &, and i =/—1. 


The note is divided into Parts I. and II. Intheformer it is shown 
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that the formula (4) includes not only Jacobi’s rational transforma- 
AY ae @*)8 (2 ~1) 
interest. In Part II. the theory of composition is applied to the 
transformation of O-functions, and a multiplication theorem, not 
hitherto noticed, is proved. 

It is convenient to state here some lemmas used in the sequel. 


Lemma 1.—IE£ 


tion-equation y = (n an odd number), but also others of 


tan X =tw, tan X, = Qia,e2 + (1+a,2°*), 
tan X, = Qia,e’-+ (1+aze), &e, i=v/—1, 


By (Qe Cay 


then 2 tan (X+X,+... + Xin) — a ae)” ? 


where (1, #)” denotes a rational and integral function of x’ of the 
degree m. 


Here sin X = iz + /1—2’, cos X =1+V71—2'; 
sin X, = 2ia,a +1l—a,«#*, cos X,=1+aja? + 1—a,e’, &e., 
and, therefore, 
/1—2 sin (X+ X,) = iv (1+20,+ 0,27) + 1—aja?, 
/1—2 cos (X+X,) = 1+ (aj +2a,) 2 + 1—aia?; 
similarly 
/1—2# sin (X+X,+X,) = ta (1, 2)? + (1—aj2*)(1—a} 2"), 
/1—2? cos (X+X,+X,) = (1, 2)? + (L—a, a?) (1-032). 
Generally, by a process of induction, it is inferred that 
o/ Po sin (X +X, +... + Xn) = 12 C1, 27)” + 1—a, 2”) ... (1—a, 2°), 
/1—a cos (X+X,+...+Xn) = (1, 2°)” + (L—ata’) ... (l—a,,2%). 





Lemma 2.—Ilf 
fie = 2k) @ tan X, = 2ib, w tan X. eet) ae C. 
L+ke? ’ : 140; a” ; +b. a? 
2\m 
then XN fe Xn) ol, a)" 


age rN ee 


86 , Mr. J. Griffiths on [Nov. 18, 
Here sin X = 7 (1+h) a + /1—2?. 1— #2, 
cos X = 1+ha? + /1—2?.1—P2?, 
sin X, = 2tb,a + 1—bi a, cos X,=14+b) a +1—b,2', k&e. 
Hence it is inferred that 
/1—2?. 1—e' sin (X+ X,+...+X_) = ta (1, 2)" +, 
/1—2? .1—Ke? cos (X4+X,+...+ Xn) = (1, #7)"*! +, 
denominator = (1—a, 2") (l—a, 2") ... 1—a, 2”). 
Lemma 3.—If 


tan X=7, tan X, = Qia,+(1+a;), tan X, = Qa, + (1+a”), &e,, 





then tan (X+X,+...+Xn) = 4. 
Here tan (X+X,) =4 (1+ %,)214 24 = 
l+a, lta’ 
similarly, tan (X+X,+X,) = 7, 


and so, generally, tan (X+ X,+...+X,,) = 7%. 
Lemma 4.—If ay = tan (X+4X,+...) 


ene 2 


and iM ie 





2 Ala es 
da 


(where M is a constant, and X, X, ... are functions of a, k, i =/ Pt) 
be two forms of the same integral relation between y and #, then this 
relation must give rise to the differential equation 


dy he M dx 
VPS PRES Ate ae 


The lemma may be proved without difficulty ; we have, by differentia- 
tion, 





ida lieetl (KGa 34 ius x ae, coe = Se ie. 


dy = M dex 
J 124? 1 — My? 1 1 


— 22/2 ea Se 
if iaty/? XY S/T as oo 
1—y dex 


or 
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This may, at first sight, not appear to be of much practical use in the 
problem of transformation, but the sequel will show that some forms 
of X, X,, &c. satisfy the required conditions. 


Parr I, 
Section 1.—Jacobi’s rational transformation-equation 


2\3 (n—1) 
y = 2 2) 
ay, g)} (n-1) 


(n odd prime, say). 
This equation is given by the formula 
ay = tan (X+X,4+...+ Xy~-1), 
where tan X = iz, 
tan X, = Qia,2 + (1+a,2’) ..., 
tan X, na: = Way pin ® + (1+ 04 (n-12"). 
Here, by Lemma 1, we have 
y =a (L, v2)bm-Y = (1, @2)80-Y, 
/1—y = sec (X+X,+...+ Xj in-1)) 
= /1—x? (1—aja?) ... (L—a4 2”) + (1, oO, 


dy da 
and also ——$—$#—_—_—— = fs —_______._ (by Lemma 4), 
V1—y?,1—dy? /1—2?.1—Ke? 2 ) 





provided that 





any XY Ny’ — Vie 1 Pe 3, 
we 


ae TX s, aX. Q 
te, since 7 = 4 + 1l—2’, ra = ia, + (l—aj2’), &e., 


the condition is reduced to 
MV1—dy? = /1—#2? x rational function of 2’. 


This, in effect, leads to Jacobi’s method (see Prof, Cayley’s 
“ Elliptic Functions,” Chap. 7). 

As a particular case, I note that Jacobi’s first transformation may be 
written in either of the forms 
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[see General Outline], or 
(—)2O°? dy = tan (X—X, +. Xy— 0 F Ky ins) E Xyin-a)); 
where tan X =, tan X,, = 2ia,,2 = (1 + a, 2?). | 
As regards the coefficients a, ... d(n,-1, the equation 
/1—y = /1—2! (1—a, 2") ... A—ain-y 2") + 1,207? 


enables us at once to identify them, and write 





dn 24 TS 6 
nN 
a= a PCS care reer pert 
oes pig mone 
n W 
dn ES 
or, generally a, = a 
’ ’ 8 a Osk 





The two forms in question give some interesting relations between 
the coefficients ; for example, 





(yo? 41423 an} (—)'@-) MW = 1493 (—)* dn (4x), 


where s is an integer from 1 to }(n—1), and » an odd prime. 
In particular, if k = 0, then 
1423 (—)*sec = = (—)Pe) n, 
Again, 
2i°3, sn? mE POMS sn 2 (Fae, K | + }1+23 dn —— 





Isk E's 


Section 2.—Deduction of a rational transformation-equation from 


y= sin (D+A+B+ yar 
(See General Outline.) 


Lemma 5.—Given a transformation-equation y =f (#, k), and the 
complementary one y’ = ¢ (w, k’); then, if the former be considered 
as a primary transformation, there is a secondary form z= ¢ (a, k), 
which is the exact analogue of y’ = ¢' (a’, k’), and also a secondary 
complementary transformation 2’ =f (a’, k’), which is the analogue of 


y =f, k). 
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For example, from Jacobi’s first. transformation and its comple- 
mentary form, we deduce the modular relations 
nie— Mio and) A = MK : 
hence there is a second transformation in which the modular equa- 


tions are Nea ie ands AG, Ke, 


Here A, = M,.K is derived from the primary complementary rela- 
tion A’= M.K’ by changing WN’, k’, M into d,, &, M. 
Similarly nA; = M,.K’ is derived from nA = M.K. 


1°. In accordance with this lemma, it is necessary to consider the 
complementary form of 


y =sin (Z+A+Br...), 
1-(1+k)e os pa Atk )eV 1-2 ae 
Saye et V1 bx 
yee (140%) a 


1l—a’z 


where cos L = 


cos: — 
(See General Outline.) 


? 


Here /1—y? =cos(L+A+B4...) 


= rational function of # + /1 —kx", 


SaaS ae ——= a’ 
and  MvV/1—Ny = Vi-Fe }14+ = pet}. 


This last equation is, in fact, the condition that the integral form 
y = sin (L+A+B+...) 
shall give the differential equation 


dy ery, da 
J1—y?.1—vy? /1—2?. 1-2 





‘eee oa al earer 
Let ——— = 1, i =i, 


dy’ 3 dx’ 


V1—y?.1—Xy” V1 —2 .1—k 2 
if VEAP S Lh +k". 





then we have 
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To find the integral relation between y’ and a’, write 





= tan (Z+A+B+...), 


ea 
where tan L = (+) ev 1—at _ i +K) a 
1—(1-F#) a’ 1+kx” 
tan Ai Qde/1—a _— Qia’a 





1—(1+a?) a 1+a%e” 


20a /1—a 2id'a" 
tan B= SO = 
an ATE (Lebo aaa 
Hence the required relation is _ 


iy’ = tan (X’+ Y’+Z'+...), 


/ } 1 k’ a 4 
where tan X’ = Gee, 
, Qia’ a’ Qib’x’ 
tan Y° = ——__. Vesa Et : 
an ita” tan Z 140” &e 


This gives, as we have seen above, 
Spey eS NE Fay ge Ra ee 
Vere VARS SeaeeS 
Change y’, a’, \’, k’, M into z, x, y, k, N, and the coefficients a’, b’, &e. 
into a,, a,, &c., then 
dz da 


tba ng fe lh cn 
V1—2.1—y32 a er 
if ig = tan (X+X,+X,+...), 
where tan X= Ee) 
1+ ka? 








tan X, = ae he. € Se &e., 
l+a,2" i +aza? 


and the coefficients are of the type-form 
eT (x, K’), 


2n being the order of the transformation and s an integer from 1 to 
n—l. 
In other words, given a primary transformation-equation (irra- 
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tional), viz., y =sin(Z+A+...), 
there is a secondary equation (rational) of the form 
iz = tan (X+X,+...). 
Here (see Lemma 2), 
/1—# = V1—2', 1—#e' x rational function of 2, 
and consequently, by Lemma 4, 


/1—+?2? = rational function of z. 


2°. The modular relations for the primary and secondary forms in 
question are 


eee ome oe Me oe ee he Ne eee LN EO 
(order of transformation = 2n). 


These may be proved without difficulty. 


Let y=sing, «= sind, sin L — Lt) sin 6 cos 6 





/1—# sin? 6 
Je 2a 'sin 6 cos 8 _ 1—(1+4a”) sin’ 6 
ee 1—a’ sin’? 6 ’ Beet l—a'sin?@ ’ otis 
then ¢=L4+A+B+..., 
<¥ do a dé 
1v1n SSS SS, SS SSS ey 
a /1—) sin? ¢ /1—k? sin’? 0 
Again, let 0= = 
1.C.y L=2.>=4=B, &e., ¢= 2.5, 
nin 7 
0 W1—)'* sin? ¢ 0 V1—# sin? 6 


or 2nA = M.K. 
In the complementary form | 
iy’ = tan (X’'+ Y’+...), 
ws dx’ 


5 V1—y?. T—xy A ai=ae 1-2” 
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let x = 1, and, consequently, 
, ° / 21a 
oheh yO U5 taney ita® &e. ; 
then (by Lemma 3) 
Nm a Vy NI 
Hence, by the principle of duality, 


v= Ne Kee and eon —eNiGs 


3°. Multiplication by 2n. 

The two transformations considered above—viz., an irrational, or 
primary, and a rational, or secondary, transformation—lead to complete 
multiplication by 2n in exactly the same way as do Jacobi’s first and 
second transformations. (Compare pp. 174, 175 of Prof. Cayley’s 
“ Hlliptic Functions.”’) 


Section 3.— Composition of linear forms. Application of the 
formula w= tan(X+X,+...) to the quadric transformations of 
Abel, &c. 

Taking the two linear forms 


_ ax+b _ aat+d’ 
Sra a Picea 





we may say that a quadric transformation is 


ue UTR ; 
1+yz 


or, what is a more convenient formula to work with, 
qu = tan (X+X’), 


.av+b 


where tan Ae 2 ae +b 


tan X = ; 
ca +d’ es Pan 








This, when written at length, gives 
— Wtae +a,0° 
bo +b, e+b, x’ 
where a, a, ... are functions of a, b, &e. 
Inorder that ww = tan (X+X’) may lead to the differential equation 


du ii da 
J1—w?.1— v2 /1—2 .1—ha? 
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we must have, by the present method, since 
aX _ ; ad— be 
da (cu+d)?—(av+b)” 
a) ae ry nee 
ire BN — du Same. sf ad te oe i, 
where R= (cx+d)’—(av+b)’, RB’ = (c’at+d’)?—(vet+d’)’. 
Also there is no difficulty in finding 





Vim VRR 
(aw+b)(a’e+b’)+(ce+d)(catd’) 


Hence MV1—0u? = V1—2?. 1—# 2? .¢ (vw) + WRB f (2), 
where ¢ (w) = (ad—bec) R’+ (ad —0'c’) R, 
F (@) = (aw +b) (a’a4+ 0’) + (cu +d) (cat+d’). 


The different kinds of results will depend upon the diferent forms 
of /1—)*u? as a function of w. For example, suppose 








V1—2? = rational function of a; 
then RR = (1-2) 1—k’wx’) 
to a constant factor prés. This condition is satisfied by taking 
R= (aw+1)?—(w#+a)? = (1—a’) (1—2z’), 
R’'= (aku —1)?—(a—ke)? = (1—a’) (1—K'e’). 





Hence iw = tan (X+X’), 
where NEC hs ian 
“ata 








kaa CS 1+kz3 ~ 
Mh, Alene each 





1+kv 
1 (1+4) 
Let = — =i 
e x Ti? then w=} e/a 
27k 
and therefore r = ot M=1+k. 


(See Prof. Cayley’s “ Elliptic Functions,” p. 374.) 
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I write down a few of the principal forms. 








(1). tan Serer ee hv ie. 
1-iVke 14+i/ ko’ 
iw = tan (X+X’) or ua VES 
y) t <~— 7 “ut+b fa A a—b 
(2) ane ear ani pars fan eka" Esa 
by ln 2b —?—2? 
~ 22640 — a? 
8) tan X= pee ee 
(3) an a Qari tan 4 car Oey eeale 
ee 1—a’x’ 
1— (2—a°) a 
(4) Pre 
JURE Ps (@-1)(a-B)e+ FB 
ten KM ate inti nears cement ee 
ates (1) (a+ B) a+ +8 


6B = eighth root of 1647, w’—1 = 1%, 


_at6B 1+taBa+F6to’ 
a—B 1—aBa+.pte” 








The above are some of the principal forms of the Abelian quadric 
transformations. (See Prof. Cayley’s “ Elliptic Functions,” p. 374.) 


From the results just obtained and those of Sections 1, 2, it is 
inferred that the method of composition of linear forms is applicable 
to the rational transformations of any order which are considered in 
this note. 


For example, Jacobi’s quintic equation may be written 


dy = tan (X+X,+X}+X,+X;), if tanX =z, 


fan Xe eee tan Xj = 74.——_, 
1l—ia,2 1l+ia,z 

. — a Ay ° a a uv 

tan Xs See eS tanX; ete oe 
1—ta,2 1+ia,x 
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Generally, iw = tan (X+X’+...), 
» axtb ,_ « @atd’ 
— — iri & 9 
where tare —e md taTAeae tt eka’ c 


gives rise to the differential equation 


pee ee ty ar det : 
J 1—u?. 1—dr2 Vile lhe 








1 Xe Treaty ee ret Me 

if Mu.) ee = V1—23 1-H? 3, 

where /1—u? = /RR’... + rational function of z, 
and R = (co+d)*—(awtb), &e. 


For example, 


2 3 
sae hay — Uy Fe FA,k + Age 
Ww tan (X+X ce ) a by +b,%+ b,x + bsx® 


includes all the possible rational transformations of order 3. The 
complete determination of the actual forms would, however, be some- 
what difficult. 


I append one of them. 





If tan X = tka, Tare ees ee 





—tar+ 1’ tav+ 1’ 
a ; a (Qatk+a*ka’* 
then zu = tan (X+ Y+ Z) 1s w= ESC TV 
Also Glas hea 2) V1 Kia? 


eee +2ak) x ’ 


2,,2 ee ee 
wt [SMe = Jie Te { I + aes i, 
—u 














1 l—*a? ~~ 1—a’2’ 
a 5 Yay vine {athe tee} 
OS ES eae 


Let «= 1, therefore 
1 2a+(1+a’) k 


— = 4 = 


r 1+a?+2ak — 
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Qath 1 J k (2a+k\: 
: # ak (a+ 2h)’ coe A a \at+ a4) 





Hence, if k = pa, the ultimate results are 


L(y) pee (ee), 


2 2u+1 2u+1 
1.€.5 1—v'v* & 2uv (v? —u’) = 0, 
if Ai ee i Se SO 
M = (H**) 1, 
I 


For a quartic transformation, one form is 


w = tan (X+Y+Z+W), 








where tee mg een bonny ee Gites! y 
ata —ke+a 
Ay pes lala, ind ie, UI 
iVke+l —iVkat1 
This gives op ee ata al fans Ere) 


14 27%k (1+ V7K+K) +R” 
V1 —e = J 1—2. 1-2? (1—he’) +, 
V1—Mw = 1-2 /k(1— Vi +k) + hot +, 


the denominator being the same as in wu. 





Also JN = avs 
M=(1+V4)’, 


du ty; dx 
/1—u? . 1—DA2u? /1—a? .1—R2* 


Another quartic form is 


w= tan(X+Y+Z+W), 
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where tanX =i. (8 Date nape, Went Moe ast 





(B+1) 2 (B+1)% ° 
at afv+ 1 aBa +1 
ae (oe) ut Bet’ tan W = eyo pies Batt’ 


_ 1-(+a’) Be? + (+1) pat 
1— (=e) Pat (—a +P +1) Bat 


Here, if constant factors be omitted, 
(B+1)'a'—{(B—1) 2+ 2} = (1—2)(1+fe), 
(8 +1)?x’—{(B—1) e—2P = (1+#)(1—Bz), 
{(2—a) Bet+1}*—{aBe+1} =a (1+fe), 
{—(2+a) Bet+1P—{aBe+1P =e 1—fe). 


1.€., 


So that JY1—ui = z/1—2' x rational function of 2’, 
and V1—d? = V1 — 2? x ditto. 
If we put Gi leon hee foeocal + ky 


the actual form of wu is 


1-2(14+ Ve)A4+Kh) @ +04 Vi’)? A+k’) ot 
1-2 (1— Vk )1+K) &@+Q— JK)? 1+h) of 


u= 














This gives 
du da 
ee ee ee Pesce 
J 1—u?. 1 —d2u? ( ) Sle? Lia 
: 1l— Vk 
f eS SS 
; Saat TPL i 


The above pair of quartic forms may be combined together s so as to 
lead to multiplication by —4. 


Thus y = (1+ /k)?a (1+ ke?) + 14+2Vk (1+ Vk+h) 8 + Wet 


dy dx 


ives ——————— SSE See SS 
2 J1—y? ,1—d2y’ J1—2?, 1—Ka® 


= (b+ Vk)? 








,__l—vk 
h AE cs 
where Pid La Jk 


and z= 1—2(14+ VYr’\(14)’) + (1+ SX’ (14-2) 


+ 1-2(1-Va)(L4 VY) += VN EY)! 
VOL. XVI.—NO. 239, it 
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! dz dy 
1p Jit 
gies ine nee oe TO) os tae 


4 SABE 
/1—2?. 1—k2x? 





Part II. 


Sect. 1.—Transformation of the function ©. (Jacobi’s first trans- 
formation.) 

It has been shown by the foregoing results that the present theory 
can be used with advantage in the transformation or partial multipli- 
cation of the elliptic functions sn, cn, &c. The question arises 
whether it can be applied to the O-function. Practically, it has been 
already carried by me ina former note up to this point. (See Proc. 
Lond. Math. Soc., Dee. 1883.) By a differentiation with respect to kh, 


the equation 
y =sin(0+A+B+...), 








" 
where sind=2, cos A= ee ea 
tae 
leads to the relation 
FON) = ZF (u +n 
da’ 
_o whk® sn (u, k) en (uk) y dk 
M” dn (v, A) 1—a? sn? (wu, k) 


if we write for shortness 


_ yy 2 8n (v,A) cn (v, A) _ ap 
E (v,A)—Nv—A tn (0,4) =f (v,A), 





v being equal to Mu. 
Let u= K, then v = MK = nA, and we have 


H (mA, d)—A™A = = ay es (K, k) —k?K} + 02K mx 

| 1 ) K dM 

& H A Sen — _ ; 72 ‘€ AA? ; 
or (A, A) ag PE GB) BK} 40? 


Introducing Jacobi’s Z (w) function, t.e., writing 


E(u) = Z(u)+ wu 
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the above becomes 
G b sn (v, A) en (v, A) 
r Pa pay i toad © ’ ’ 
EN OS i Saat red) 
4 oe Qnkk? snucnu . 
ay Me wdnt3 Rie 








Vb H rD) 
= — <a! — ee, A 
2) Zuk)+ Zu eu wh eM? 





. A) en (v, A) 
J, r — A sn (v, ? 
a (4) dn (2, d) 
=t {au p) WELD) _ 9, BE any one y 
M ; dn wu M2 du (ark) 
if G= #H(A,A) 
G PB n (H is » OM 
d Bice a AE Sees 
an ae v vw \K" ku) + uw Or 
cue agi 4 (ER = orga 
n dr? 
since v= Mu and nA = MK. 


Again, introducing the 0-function, ¢.e., writing 





6’ (1) 
Z == , 
Cae oe (u) 
we have ut log © (v, A) crys log dn (wv, d) 
dv dv ~ : 
da’ 
d M 77781 U CD UY dk 
=n —{log@O log dn wu} —2 — kk” ———_ 5 — —" __ 
ariee SM eae ie M dn(v,) 1l—da’sn? 


1.6.5 © log {0 (v, A) dn (v, A)} = wv i log {9 (w) dn (w)}—... 


Now, since v= Mu and dn(v,A) is a function of snu, it follows 


that the expression 
da’ 


M71, 8nu Cn Yy dk 
—2— kk” 


M dn (v,)° 1—a? sn? u 





p(w) 


is a function of w. Denoting this, for a moment, by © Gu) we obtain 
U 





the result @ (v, ) dn (v, A) = {0 (uw) dn w}"¢ (uw), 
to a constant factor prés, or, what is the same thing, 


0 (v+A, A) = 6" (w+ K) ¢ (u). 
| H 2 
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If u be changed into w+K, and, consequently, v into v+nA (first 
transformation), this gives 


0 (vtn+1A, dr) = 0" (u+2K) ¢(u+K), 
or, since n+1 is an even number, 


© (v, A) = 0" (u) 6 (wt K). 


O(vtA,A)_ O"(ut+K) ou) 
ea OC) Ou) (WEY 
e mae n g (u) 
1.€., dn (v, A) = (dn uw) @ (u+K)’ 


to a constant factor pres. 


Finally, then, by comparing this with the known expression for 
dn (v, A), viz., 


dn (v, A) = dnw [1-1 sn? (x “0 ) sn? u| 
n 


=< [1 —k’ sn 2 ask caer Ty ul), 


it is inferred that 


Aniyi= [1-is nt 2A an! re 


where [ | denotes the product arising from the different values of the 
integer s extending from 1 to 4 (n—1). 

[For the value of dn(Mu, X) in terms of dn wu, &c., here used, see 
Prof. Cayley’s “ Elliptic Functions,” p. 263. ] 

It appears, then, that we may take 


5) 23k 


@ (vt A,X) = 0.0" (u+K) [1-1 an? 28% gn? (w+ K)|, 


where C is a constant, and consequently 
@ (Mu, ) = 0.0" (uw) [1—I sn ese ‘ul, 


which is the formula given by Prof. Cayley. (See “Elliptic Func- 
tions,” p. 307.) 


Since ¢ (wu) = [l—a’sn’ (u+K)], and consequently 
a afl sn’ (u+ K) 


b (a) = 5 du 
 () l-a’ sn’ (4+ K) 
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the above method leads to the equation 


da’ 
_ 2 dn u dk f a 
M dn(v,d) 1l—a’sn’u dn? w—a? en? w’ 


or, in other words, to the identity 


da’ 
dk a’ a 
a sat ras sw =(1+3;— 2 sn? =) anaes cn? uy, 


Hence the different coefficients a, 8, &c. must satisfy differential 
equations of the type-form 


da’ a’ Ry ; Pe 
Ue pe mee p= +3 ae Tra 


Sect. 2.—Transformation of the function © corresponding to an 
imaginary root of the modular equation. 


Since the other transformations, as well as the case of complete 
multiplication, are all included in the formula 


f(,%) = apf (u I) + be. 


we have an important theorem for the multiplication of 0-functions, 
which, so far as I know, has not been hitherto noticed ; viz., 


© (Mu, ) _ ,-#!4, Onu Ou 


U = 
TROLSOL So ea 





where II denotes the product arising from the n+1 roots of the 
modular equation, and p is a constant which will presently be deter- 
mined. 

If in an imaginary transformation it be assumed that 


MK = aA+2bit’ 
(a an odd number), the above formula gives 


= 20, 0 (0, d) ,- 


6"-'0. 06 (Mu, dX) + 0" “TT (1—a’ sn’ u), 


where a=ksn mK + 2m. K" 
n 
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m and m’ being certain integers, and 


_wbiMK _ rahi g A’ 
= = —xb j 


2A 2 ATH 








-oX 
i.e., e-” is reducible to a q-function (¢q=e A). 
This includes the case of a real transformation, as may be seen by 
putting b= 0,1.e.4=0. 


Sect. 3.—Expression for 8 (nw),—complete multiplication. 
The equation referred to above, viz., 


E(w, A)—dNv- = Ai {H(u, k)—k?u—...b +A?u .. 


(see Sect. 1, Part II.), is a most important one as regards the theory 
of sagalbsnaTRterthikt. 


Supposing 4 =k to be a possible root of the modular equations 
kk? dy 
n 72°2497.9 
AX” dik 
M? becomes equal to n, and the relation in question reduces to 
Bi J/n.u, k} =J/n.H (u, k) +an algebraical function of sn w, 


the terms involving v and uw having vanished owing to the fact that 
v =,/n.u, and M is now independent of k. 
But, having regard to the addition theorem 


H (u+v) = H(u)+# (v)+algebraical function of sn u and sn 2, 


then, since fi Bl 





it is seen that this result can only be true when n is a square number. 
Given, therefore, that when n is a square number (odd) X\=k isa 
root of the modular equation, it follows that 
0 (/n.u, k) = 0.0" (u) [1—a’ sn? w] ; 
2K + 2k 
wht ile 
i.e., Where the different coefficients a, 3, &c. include all the roots of 


sn ./n.u = 0, and not some only, as in the case of a transformation or 
partial multiplication. 


If we write n” for n, we have 


where a=ksn 


8 (nu, k) = 0.0” (u) [1—a* sn’ w] ; 
wee Te gn te tem 
n 


and C = a constant. 
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The complete multiplication by n, therefore, includes all the co- 
efficients which occur in the different transformations or partial 
multiplications of order n, and hence there must be the theorem 


n® (Mu,r) __ 2a Onu Ou 
8 (0, A) Sie 





where II denotes the product arising from the n+1 different roots of 
the modular equation, and 
sy 7biMi 
2A 





Sect. 4.—Transformation of the function © for the irrational equa- 
tion y = sin(Z+A+B+C+...), (See General Outline.) 


Here the question suggests itself, what are the corresponding 
results for © (Mu, X) and © (nu, k) in the case of the even irrational 
transformation or analogue of y = sin 2nu? As regards the former 
function, I have arrived, from the expression 


y = sin (2+ 3A), 


in a similar manner to the above, at the formule 


0 (vA, d) = 0.0" (wt K) 4 1- 12 sn? = t=! Ksn' (w+ K), 


8 (v, 4) = 0;.0" (uw) daw. {1— —hk? sn? am sn wh, 


where v = Mu, C,, C, constants, s an integer from 1 to n—1, and ¢ an 


integer from 1 to 7; also 


1—en? 2! K gna 
dn (v, \) = dnwu. I 


ve 
b—/ sn? — sn’ 
n 


Since there is here no root \ = k of the modular equation, the case 
of complete multiplication is different. This can be accounted for by 
the fact that an irrational transformation cannot of itself lead to com- 
plete multiplication. The most convenient formula that occurs to me 
is one derived from the secondary transformation noticed in Section 2, 
Part I. For example, 


am (2u, k) = X,+X,, 


(1+k) an sis (1—k) smu 


h 2.6 — 
iia ue l+ksn?u’ re l—ksn? uw” 


104 Mr. J. Griffiths on [Nov. 13, 
Hence, by a differentiation with respect to k, we have, after some re- 
ductions, © (2u) = 0.04 (uv) (1—F'sn* uw). 

For 2n = 4, the formula is 


am (4u, k) = X,+X,+X,+X,, 


h : ma 5 sn u (1+ksn’ u) 
renee Sut A — Cl tava) secon Aci eow rear Ram ncn Tang 





es ae aN Ea 
sin y= Ot 8 Je — JRE) ont ut an 


in Xe (Le ee CTE Be) 
sin X, = (1 — Vk) 14+2V7k(1+ /k+k) sn? uth sntu’ 


in X, = (1—./k)? Se thsntu) 
sin X,= (1— /k) 1—-2Vk 1—VJk+k) sn? uth snt wu 


But, with the exception of the case of the prime number 2, these 
functions are of only secondary interest, and I do not consider the 
subject further than to remark that there seems to be the formula 


6 (2nu) = 0.0 (u) II (1—a’ sn’), 


2mK + (2m +1) 1K ond 


where a=ksn 
on 


= M-1 (0), 


APPENDIX, 
On a Problem in Jacobi’s ‘* Fundamenta Nova,” p. 75. 


It appears to me that the principle of duality referred to in 
Lemma 5, Sect. 2, Part I., of the present Note, throws light on a 
problem which seems to have engaged Jacobi’s attention, but to have 
been left unsolved by him. (See Fundamenta Nova, p. 75.) 

This is the problem of determining the integers which present 
themselves in the relation between A and K corresponding to any 
imaginary transformation of an odd order, viz., 


y = a (1s a) ies 
(1, af) 


When v is an odd prime, the equation which gives \ in terms of k 
(k<1) is known to be of the n+1™ degree, having only two real 
values of A<1. To these correspond real transformations, and to the 
remaining roots »—1 imaginary transformations. 
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For the first transformation, or the real root A, the modular equa- 
a K and for the second real root \,, it is of uy 

K’ 1) At 
These are derived from the equations nA=M.K, A’=M.K’, and 
nA; = M,.K’, A, = M,.K, which show that the first and second 
transformations in question may be combined together so as to give 


complete multiplication by n; 7.e., that A, k, Mcan be changed into k, 


tion is _ 
A’ 


A,, and in respectively, or A,, k, M into k, X, a 

But for a pair of imaginary transformations this is not always the 
case. For example, when k = 0 or 1, there can be no multiplication, 
since the pair then reduce to y = a. 


Excluding, then, the cases of non-multiplication, and taking A, and 
A, to be a conjugate pair of imaginary roots, we may assume rela- 
tions of the form, 


M,K = aA,+ibA, M, K = a’ A,+ib'A; 
M, K’= a A,+ 710A, M, K’= aA; +ibA, ‘ 
or (aa’+bbd’) A, = M, peed (aa’+ bb’) A, = M, (aK—id’R’) 
? b 
(aa’+bb’) A; = M,(ak’—i’K)) (aa’+bb’) A; = M, ee 
where a, a’ are odd, and 8, b’ even numbers. 


That there are relations of the above form may be inferred from 


; Pel eee 
the equation =", ation’ 
Here /1—y? =V1—2? X rational function of «, 


so that, if#=1, then y =+1, and 
€ 1 
| ia Peres TY SS — M, die erchnaietar SMe 
0 V1—y’.1-Xy? Jo V1 —2? 1-2? 
or sn (aA,+2bA;, A.) = +1, 
if a be an odd, and b an even number. 
Again, changing A,, k, M, into k, \;, M; respectively, we have 
A, = a K'+i'K. 


v7) ° lA n 
— A, = ak K —- 
Fp ae a 
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These values of A;, A; are compatible with 
(aa’+ bd’) A, = M,(aK+ibK’) and (aa’+bb’) Ay = M, (a’'K'—2bk), 
provided that aa+bb =n, b4+0=0. 

Conversely, when these relations between the numbers a, a, b, b’ 
are satisfied, the pair of imaginary transformations may be so com- 


bined as to give the complete multiplication by n. 
It thus appears that 


M,.K= = (v1) A,+ — = (wl) AS 
M,.K’=— 4 (n=1) A,+ : (nel) A; 
M,.K=— or (n=F1) A3+ + (n+1) A; 


M,.K'= + (wel) +S WFD A, 


where the upper and lower signs are to be taken according as § (n+1) 
or 4 (n—1) 1s odd, is a possible solution. 

For a pair of imaginary roots (and complete multiplication) the 
modular equations, then, may be taken to be 


A, —ibK’+a¢7K A, aK+ibK’ 


Bak ergs ee en ae rome pe EN Sater ee 2 

A, aKk’+ibK ’ A; —ibK+a'K”’ 
where aa —b® = +n. 
Ingparticalar ail) ka-—tihaewon sic =—iice—— a then 


Nye Age yea ete ASA aL 


There seems to be also a special form when n= a’?+b’, 7.e., when 
ia); owl be Ol. 
In this case we may have 
iM, A = OA) ee M;. K = — bA3+aA, ) 
MUA aN MeKie Al ibA, 4 
(a an odd and 6 an even number), and when K’ = K, or k= Fi 
and also M,;=a+1b, M,=a—ib, we have A,= Aj, A, = Aj, or 


Ata es for a particular pair of roots. 


J 2 
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It should be mentioned also that, since all the results of the present 
theory point to an addition theorem of the form 


--am (Mu, \)+am (Mw, r,) + 3am (Mu, \,)=am (nu, k)--n am (u,k), 
there must be another condition to be satisfied by the numbers a, 8, c. 


In fact, we must have 
Sam (M,K, ,) = (n—1) oe 


where the summation applies to the 4(n—1) pairs of imaginary 
roots A,, As, cc. 


The following are possible forms for n= 383 and 5. I have also 
considered the case of nm = 7, but, as there are here six imaginary 
roots, the results are somewhat long to write down. Icontent myself 
with giving a pair. 

Modular equations corresponding to the imaginary transformations 

_ a (1, ete) 
when n= 8, 5, and 7. 
Case of n = 3. 
M,.K= aes M,.K= pepe 
; 
M,. K’= — 2iA,+A% Mi k’= A3+20A, 


Change X, into k, & into A;, and M; into — a then 


3 
—~ Ms (K+ 21K’) 


A= —-"3 


Aj = — 9 (—2K+ K’) 


Change X, into k, k into »,, and M, into — 3, then 


2 


A= = > (—2iK’+K) 


Neen ~ (K’ +24) 


We have also am (A,+27A;, \,) +am (A,—2iAj, A;) = 2 sg 


* In the proof of the above addition theorem for m = 3, it was assumed in a former 
paper that M,.K =A, and M;.K =A;. This assumption is too special, and, 
indeed, is not necessary for the argument. All that is necessary is that 


am (M,..K, A.) +am(M,. K, Ag) = 2 —, 


2 
in the case (n = 3) referred to. 
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Case of n = 5. 


(a) M,.K=— nears M,.K= pret 
M,. K’= — (21A,+A}) M,. K’=— A+2iA, 


(8) M,.K= eR See 
M,.K’=— 26A,43; M,.K’= 3+2iA,5 


am (—A,—27A;, A,) +am (2iA;—Ag, A3) +am (8A,+ 27Aj4, A,) 


+am (3A,;—2iA5) = 4 $e 


Change d, into h, k into d,, and M, into # then 
—A, = “3 (K+2iK) 
—Aj = 4! (2iK+K’) | 
and so on for the other roots. 


Case of n = 7. 


rae ae ess cgi 
M,. K’= — 41A,—3A, M,. K’= — 8A3+4iA, 
Change A, into k, k into 5, and M, into — - then 

3 


A, =—3K+4iK’ 


A, =— 4K -—3K’ 


Sin Siw 


and go on. 
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On Sphero-Oyclides. By Hunry M. Jerrery, F.R.S. 
[Read Nov. 18th, 1884.] 


1. These spherical quartics are the lines of intersection of spheres 
both with cyclides and quadrics. M. Laguerre, who first pointed out 
their genesis (infra, §4), designated them Anallagmatic Spherical 
Curves, because they are unaltered, when inverted from any of its 
four poles of inversion. (Chasles, “Rapport sur les progrés de la 
Géometrie,” p. 315.) Under the name of sphero-quartics, their pro- 
perties have been studied by Dr. Casey (‘‘Cyclides and Sphero- 
Quartics,” Phil. Trans., 1871, pp. 585—721). But, since they are 
only a species of spherical binodal quartics, and do not include all 
the intersections of quartic surfaces with spheres, their name is here 
altered. They might be also called spherical quadro-quadrics or 
sphero-quadrics (§6). 


2. Sphero-cyclides, being binodal, are curves of the eighth class, 
and have two double, and four single, foci: the former are the two 
single foci of the dirigent or focal sphero-conics, from which they are 
generated. If the two double foci coincide in a quadruple focus, the 
cyclide is known asa Sphero-Cartesian (Casey, p.677). These curves 
may have an additional node or cusp, whereby the class is reduced to 
the sixth or fifth respectively. 


3. Sphero-cyclides have two double cyclic arcs, which are the single 
cyclic arcs of the complementary or polar conics, of which cyclic arcs 
the single foci of the focal conics or the double foci of the sphero- 
cyclides are the spherical centres or quadrantal poles. Sphero- 
Cartesians have each a quadruple cyclic arc, whose spherical centre 
is the quadruple focus, or centre of the dirigent circle, from which it 
is generated. This conjugate property of double arcs and double 
cyclic arcs is common to all spherical curves (Quarterly Math. Journal, 
Vol. xy., p. 140). : 


4. A sphero-cyclide may be generated in four different ways, as 
the envelope of a variable small circle, whose centre moves on a 
dirigent or focal sphero-conic (1), and which cuts a fixed small circle 
(J) orthogonally. (Laguerre, Bulletin de la Société Philomathique, 1867 ; 
Casey, §41, Cor.) 

These dirigent conics (F') are doubly confocal ; and the fixed circles 
(J) are mutually orthotomic, and all the eight figures are inter- 
dependent, The centres of the four (/) circles are the vertices of the 
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quadrangle, in which any J and F pair intersect, and, taken three and 
three together, are the angular points of triangles, which are self- 
conjugate with respect both to the (#’) conics and (J) circles. Hach 
triad of centres has the fourth for the orthocentre of the triangle 
constituted by them; and each of these four triangles is self-conjugate 
in respect to one of the four circles and its corresponding focal conic. 

The confocal conics are thus also interdependent. The twelve points 
in which the sides of the quadrilateral circumscribed about any pair 
J and If intersect, lie by tetrads on the three remaining (£’) focal 
conics. 

The line of nodes in the sphero-cyclide is the polar of the centre of 
any (J) circle with respect to the corresponding (F’) focal conic. 


5. The three anallagmatic congeners, the cyclide, the sphero-cyclide, 
and the bicircular quartic, constitute a geometrical trilogy, as 
exhibited by Professor Casey in his two classical memoirs. 

Dr. Hart has shown analytically how the bicircular is generated 
from each of the four (£) conics (Proceedings, Vol. x1., pp. 143—151), 
and has promised this Society the corresponding memoir on the Five 
Focal Quadrics of a Cyclide (Vol. xu, p. 109), the MS. of which he 
has allowed me to see and copy. It is hoped he will shortly pub- 
lish it. 

Following his steps, I have investigated by spherical coordinates 
the generation of the sphero-cyclide from each of its four focal sphero- 
conics, and thereby hope to complete the series of the trilogy. 

The singular forms of the curve will be considered, and a method 
given for finding its points of undulation, and therefrom its points of 
inflexion generally. 


6. The equation to the sphero-cyclide is derived from those to the 
cyclide and quadric, by transformation of coordinates. 

Let OAB be an octant of a sphere, whose centre is any origin of 
coordinates for the cyclide, and whose radius is unity. 

Take O for the origin of spherical coordinates 
in Gudermann’s system. 


BP=06, AM=¢: OM=X, ON= Y, OP=R. 


Cartesian coordinates are thus transformed to 
spherical : 


N V4 
© = sin cos @ = tan X cos A, fh tl naa a 
y = sin@sing = cos Li, O M 

z = cos 0 = tan Ycos BR. Fie. 1. 


(tan X, tan Y are usually written X, Y, for brevity). 
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The equation to the cyclide in Cartesian coordinates is 
a (at y?te)P+b (at-+y? +) (m+ m) + rye, 4% = 0, 


where v2; 2, %3 YU denote quadric and linear functions of 2, y, z, 
and constants. 

Let the same symbols w,... denote the same functions of 
tan X, 1, tan Y. 


asec’ +6 sec R (uj+wu)sec R)+v;+v; sec R+ 1 sec? R = 0. 


After dropping the accents, we obtain the transformed equation to 
the sphero-cyclide 
{(at bu, +r) se? R+v,}? = sec? R (bu,+,)’. 

The curve is binodal, and is touched by the imaginary great circle 
(sec? R = 1+tan’? X+tan?>¥Y=0) in four points sec’ R= 0, with 
V,=0; it has for two nodes the two points bu,+v, = 0, with 
(a+bu,+v,) sec’ R+v, = 0. 

The equation to the quadric is derived from that to the cyclide, 
when a = 0,b = 0; for the corresponding sphero-cyclide, 

{vp (L+X?+ Y*) +0, = (1+X?+ Y*) of, 

If v, = 0, or the quadric is referred to its centre as origin, the 

sphero-cyclide becomes two coincident sphero-conics. 


Oor.—If v, = c(a*+2°) + dy’, or the cyclide has the imaginary circle 


at infinity as a cuspidal edge, it is called by Dr. Casey a Sphero- 
Cartesian. Its equation in spherical coordinates becomes 


{(vtc)(1+ X?+ Y?)+d—c} = v, (1+ X?+ Y). 


It is thus recognised to be the intersection of a sphere and a 
quadric of revolution (Casey, §235). 

The following theorems are preliminary; and it is necessary 
to premise that, in two-point coordinates, «, y denote tan a, 
tany, and in the three-point system a, PB, y; p, g, 7 denote the 
sines of those arcs ; a, b, c also represent the sines of the arcs of the 
triangle of reference :— 


7. Two spherical small circles are mutually orthotomic, if 
COS p, cos p, = cos D; where the symbols denote their spherical radii 
and the mutual distance of their centres. For in that case the centres 
and either point of intersection constitute a right angle. 


8. To find the condition that two small circles intersect ortho- 
gonally. First, let their equations in three-point coordinates be 


dateptfy =g, lat+mB+ny = h. 
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Then cosp,/3(d’—2efcosA) = 9; cosp,/3(?—2mncos A) =h; 
cos D./3 (d’—2ef cos A). ./3 (2? —2mn cos A) 
= d (l—mcos O—n cos B) +... 

The required condition is 

gh = dlt+em+fn—(en+ fm) cos A—( fl+dn) cos B—(dm+ el) cos C. 
Next, let their equations in two-point (Gudermann’s) coordinates be 

l+aatby =g/S/(1lt+a?+y’), ltertdy =h/(1+a2'+y’). 
For mutual orthotomy, it is necessary that 


l+ac+bd = gh. 


9. If ABC be a spherical triangle, and O its orthocentre, then the 
four small circles which have A, B, C, O for their centres are mutu- 
ally orthotomic, if 


cos a cos 0, = cos b cos 6, = cosc cos 6, = ./(cos a cos b cos c), 
cos 6, /& (tan? A+2 tan B tan C cos a) 
= tan Atan Btan C (cos a cos bcos c). 


The radii are denoted by 6), 6,, 6; 64. 
The propositions in the first line are evident from § 7. 


In like manner, 
cos a cos ¢, = cos BO cos 6, = cos CO cos 6, = (cos a cos BO cos CO). 


The proposition in the second line is established by knowing the dis- 
tance (6) between two points from the formula 


sin’ b sin’c sin’ A cos 6 = & (aq, sin’a) +3 [sind sinc cosa (by,+ 3,7) ]. 


At the orthocentre 
a cos 4/— 6 cos B = ¥ cos C; 


Hence cos 40./% (tan? A+ 2 tan B tan C cos a) 
= tan d+tan B cosc+tan C cos b = tan A tan B tan C cos b cose. 
By symmetry, 
cos a cos AO = cos b cos BO = cos c cos CO. 
Hence cos 6, = sec 0, cos AO = sec 6, cos BO = sec 0, cos CO, 
and the circles are mutually orthotomic. Since 


> (tan’A +2 tan B tan C cos a) = p’ tan’ A tan’ B tan’ C, 
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where »’? = 2 cosacos b cosc—1+(6V)’ cosec’ A cosec’ B cosec? C, 
pcos AO = cos b cose, 
and pcos 0, = ,/(cos a cos b cos c). 


The analogue to this theorem for Plane Geometry is given by Dr. 
Casey (Sequel to Huclid, p. 108). 


Note.—By 6V will be hereinafter denoted six times the volume of 
a certain tetrahedron constituted by three radii of the sphere, and the 
connectors of their extremities, so that the fundamental relation is 


6V = besin A = VX (a’a? + 2be By cos a). 
10. To find the discriminant of the binary quartic 
( fa? + 2gay + hy’)? = (ua? + 2w'ey + vy’) (swt ty)’. 
Let A, B be invariants of single quadrics 
A= fh—g’, B= w—vw". 
C, D, # are invariants of systems of two quadrics 
C= sv—2stw'+ Hu, D=sh—2stg +7f, 
E = uh—2w’g +f, 

also F = u (sh—tg)?—2w’ (sh—tg)(sqg—tf) + (sg—tf)? = DE—AC. 


The function F occurs in investigating I, by symbolical methods, 
d° ens a? d ; 
(« dy? ch pple ta) (8 dy if) (fa? + 2guy + hy’) 
= |4 (F+3A0). 


If I,, I, denote the quartic and sextic invariants of the given quartic, 
they can be expressed in terms of the subordinate invariants : 


31, = 4(A+10)*—3DE, 
271, = 8(A+10)*—9DE (A440) +22 BD", 
(I,)*—27 (1,)? = E®[(A+20)?—DE]—4B (A+10)'+2BDE (A+i0) 
—21 BD», 


This factorial form will be employed to prove that sphero-cyclides 
have two double and four single foci. 
VOL. XVI.—NO, 240. I 
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11. To transform from a sphero-conic to a sphero-cyclide. 

I. If O be any origin of coordinates, p the perpendicular arc drawn 
from it on any tangent arc of the conic, its equation in two-line 
coordinates is 

(u cos’ 6+ 2w’ cos 6 sin 8+ sin’? @) cot? p 
+2 (w’ sin 9+v’ cos 0) cot p+w = 0. 
Let r denote a corresponding arc of the sphero-cyclide, and 6 a 


constant. The formule of quadric transformation may take either of 
the forms (Casey, § 24), 


cosp =cos(p—r)cosé, cotp= aan Pye eate (Le 


The transformed equation denotes the sphero-cyclide in two-point 
coordinates, 


un’ + 2Qw'ay +vy?+2 (wy +v'x) (sec r sec O—1) +w (secr sec 0O—1)?, 
(sec? ry = 1+tan?r = 1+2?+y’). 
Formule of inversion are derived from (1), 


sec 6 = cos7r+sin 7 tan p. 


Denote by 7,, 7, the vector arcs of two conjugate points P,, P,, 


COS 7, COS 7, = sec? 6 cos* p—sin’p, cos7,+cos r, = 2 sec d cos’ p ; 
‘% 


tan 1 tan—2 = sec 6—1 = font: 


2 2 seco+l1 grrerseesessseseee(2)5 


O is therefore a centre of inversion, such that the curve and its equa- 


tion are unaltered, when cot tan? < is substituted for tan oy. 


The centre of inversion O and the radius ¢ are arbitrary; but, when 
they are once fixed, the other centres A, B, O, and the other constants 
01, 9, 6, are mutually related by the coorthotomic conditions of § 9. 

The two conjugate points P,, P, are the points of intersection in 
two consecutive positions of the generating circle, which cuts 
orthogonally the four fixed (J) circles, whose centresare A, B, OC, O. 


II. Dr. Casey has also assigned a remarkably elegant mode of 
transformation for three-point coordinates. (Casey, § 40.) 


If U, V, W denote in three-point coordinates the fixed coorthotomic 
circles J,, J,, Js, and if the dirigent focal sphero-conic (F') be defined 
by the tangential equation 


(a, b, OE J; hX p, q r)? = 0, 
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then the sphero-cyclide, thence generated, has the identical form of 
equation CM eB AIRS AVS pe 


The triangle of reference is constituted by the centres of the (J) 
circles. It should be premised that, if the coordinates denote a point 


not on a circle U, 
U = cos AP—cos6,. 


This follows from the equation to a circle, whose centre is (J, m), 


T= le+my +1 
= V(P+m +l) J(e+y+1) 


It denotes the distance of that point from the plane of the small 
circle. 


—cos 6, = 0. 


To prove that p:qi:r::U:V:W. Let F be a dirigent focal 
conic, O the corresponding centre of in- 
version ; so that, by §11 (1.), 


cos OT = cos 6 cos PT' = cos 6 cos PT. 
Let this be written 
cos P = cos 6 cos (P—R) ...... (1). 


Let A be the centre, and 0, the radius of 
(J,), one of the other three centres of in- 
version; AN = p: TO, AN, when produced, form an angle 0. 





Fig. 2. 


cos AO = sin P sin p+ cos P cos p cos 0, 

cos AP = sin p sin (P—f) +cos p cos (P— B) cos 8. 

Eliminate 0 by the aid of (1), 
cos AO sec P—cos AP sec (P—) = sin p sin R sec P sec (P—R). 

Hence U = cos AP—cos 0, = cos AP—cos AOsec 6, from orthotomy ($9), 

= cos AP—cos AO cos (P-—-R) sec P 

= —sin psin R sec P, 
V, W are like multiples of sing, sinr; so that, after dropping the 


word sin, as stated in § 6, the formule for quadric transformation are 


pr gir= UU: Vi: W. 


I. On the General Form of Sphero-Cyclides. 


12. To determine the equations to the four fixed co-orthotomic 
I 2 
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small circles J, J;, J;, Jz, and the corresponding doubly confocal diri- 
gent and focal sphero-conics (F'), by means of which the sphero- 
cyclide is generated in four different ways. 


Let O, A, B, C, the orthocentres of the spherical triangles ABC, 
BOC, COA, AOB, be the centres of four fixed coorthotomic circles J, 
J,, Jy, Js. The same centres, taken by triads, are the angular points of 
triangles, which are self-conjugate with respect to the four (J) circles, 
and to the four corresponding (/’) dirigent sphero-conics. 

Let ABC be first taken as the triangle of reference; then the equa- 
tion in spherics to the circle (J), with respect to sabrlah it is self- 
conjugate, is 


(J) a’cosA tana+/’cos Btanb+y’cos 0 tanc = 0, 
or, by the aid of the fundamental relation 
(6V)? = 3 (a’a’ + 2be By cos a), 
(J) atana+f tanb+ytanc = 6V./(seca sec b secc). 


In like manner (J,), one of the other three circles, may be denoted 
in four different forms of the same equation : 


(J;) a’ cos A tana+/* cos B tan 6+ y’ cos C tance 
—2acos A (atana+/ tan b+y tanc)+a’ cos’ A tana tan b tance = 0, 


(J,) atana+f tanb+ytanc—6V V (sec a sec b secc) 
+a tan a tan d tanccos A = 0, 


(J,) aa+bB cosc+cy cos b = 6Vseca/(cos acos b cos c), 
(J;) a’ = sec a./(cosacos b cosc), 


if a’, B’, y’ denote the coordinates of a point in (J,), with respect to 
the polar triangle of ABC. 

This last form determines independently the radius of the (J,) 
circle given in § 9, 


cos a cos 0, = (cosa cos b cos c). 


In like forms the equations to the two remaining circles J,, J; may 
be written. From the forms of all four equations to these circles, it 
is recognised that, of their twenty-four points of intersection, twelve 
lie on the perpendiculars OA, OB, OC, BC, CA, AB. These arcs are 
therefore their radical axes; and O, A, B, C are the radical centres of 
the four triads of circles. 

The equation to some one dirigent conic (2’), that corresponding to 
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the (J) circle, is assumed to be 
la’a? + mb?3?+ ney? = 0, 
or, in three-line coordinates, 
pt os ve a ih 
l m n 
The equations to the confocal conics will be expressed in terms of 
(F) in § 15. ha 


13. To find the equation to the sphero-cyclide, by considering it as 
the envelope of a circle, whose centre moves on the focal conic (F), 
and which cuts the circle (J) orthogonally. 


Let (A, u, v) be the centre of the variable circle ; its equation is (§ 9) 
(6V)? cos r = ad (aa+bB cos c+cy cos b) +...; 
or, if it be referred to the polar triangle of ABC, 
6V cos r= ada’ + buf + cry’. 
For the fixed (J) circle (§ 12), 
atana+( tan b+ytanc = 6V/(seca sec b sec c). 
From the condition of orthotomy (§ 8) 
(1) Atana+p tan b+ytanc = 6V cos r / (sec asec b sec c) 
= (ada + buf’ + cry’) /(sec a sec b secc). 
The centre moves on the dirigent (fF), 
(2) laV?+mb7?+ne'r = 0. 


The equation to the sphero-cyclide, as the envelope of (1), subject 
to the condition (2), is — 


i {aa’ /(sec a sec b sec c) —tan a}? 
iy - {bp / (sec a sec b sec c) —tan b}? 


oF a {cy’/(sec asec b sec c)—tanc}? = 0. 
If we revert to the primitive triangle of reference ABC, it is written 


> - {aa+bf cos c+cy cos b—6V sec a (cos a cosb cos c)}* = 0. 
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14. If U, V, W denote, as in §11, the J,, Jz, J, circles, the equation 
to the sphero-cyclide takes the form 


2 2 


L 


If this form be compared with the tangential equation of (F), 
2 


Diageo eg 
oe 


as in § 11, Deg et UV oo: 


The equation to the sphero-cyclide was anticipated from Dr. Casey’s 
theorem. 


15. To express the three focal sphero-conics F’,, F;, F in terms of 
their confocal F’. 


2 2 2 
Being given (Pes gd eb oiem tl), 
. l m n 


if ABC be the triangle of reference, to determine the coefficients, 
if OBC be the new triangle, in the assumed equation 


P denotes the perpendicular from O (acos A = ficos B= y cos C) 
on any tangent arc, so that 


P*S (tan? A+2 tan B tan C cosa) = (p tan A+q tan B+r tan CO)? 
= tan A tan B tan C (p’ tan A cosa+q’ tan B cos b +7" tan C cos c) 
—> (p’ sin? A—2q7 cos A sin B sin C) sec A sec B sec C. 
Make this substitution, and denote by p, as in § 9, the ratio 
> (tan? A+2 tan B tan O cosa) = p’ tan? A tan’ B tan’ CO, 








F,=—, cot A cot B cot C (p’ tan A cosa+q’ tan B cos br? tan C cos c) 
pe 
— © cot A cot Boot 0+ £ +=. 
Lp oye ay 


Since F' and fF’, are doubly confocal conics, they must be identical, if 


the constant term be omitted. Write 6 for = cot A cot B cot C, and 
equate coefficients, x 
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en A cop a: + = tan B cost te 
L L Mm ° L ny, 


i iis oie 
nm. L, Mm, 


Substitute ane value for @in F,, 


Rekyo yr — SF cot A seca = 0, 


F,, F, have similar forms. 


16. The following identity connects the several (J) forms of § 12: 


tan A cos a {aa+ bf cos c+cy cos b—6V sec aV/(cos a cos b cos c)}* 
+tan B cos b {aa cosc+b+cy cos a—6V sec b (cos a cos b cosc)}? 
+tan C cosc¢ {aa cos b+b8 cosa+cy—6V seccV/(cos a cos b cos c) }? 

= cos’ a cos’ b cos’ ¢ tan A tan B tan O 
x {a tana+f tan b+y tan c—6V /(sec a sec b sec c}’. 


The proof depends upon identities of the type 
tan A+tan Bcosc+tan C cos b = cos b cose tan A tan B tan C. 


Hence it may be shown that the equation to the sphero-cyclide may 
be obtained from any other pair of circles (J,) and dirigent conics 
(7). 

When referred to tangential coordinates, OBC being the triangle 
considered, 

2 2 2 
(fF) i ta q a a= 0. 


Tee. ah, 


By Prof. Casey’s theorem, cited in §11, II., the equation is deduced 
to the sphero-cyclide 


2 2 
Ay — 0, 
L My 


But, from this article, 


2 
phe tan A cosaJ,+tan B cos bJ,+tan C cos Js 


if os = cos’ a cos? b cos?c tan A tan B tan OC. 


If this value of J® be substituted, and the result compared with the 
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2 2 2 
former equation ab + Js + = 0, 
Ll -m n 
it is seen that 
Dee tanelicode = = tan B cos}+ oe 
l L Mm .. L ny 


tan © cose+ a i 
m 


clas 
uo 1 


oS~] 


These relations are those given in § 15. 


17. If a spherical quadrilateral be circumscribed about a circle of 
inversion and its corresponding dirigent conic, the other three con- 
focal dirigent conics pass through the three quartets of opposite in- 
tersections. (Casey on “ Cyclides,” § 124.) 


The tangential equations to such a (J) circle and (F) conic (§ 12) 


are (J) p* tan A cosa+gq’ tan B cos b+7’ tan CO cose = 0, 


(fF) es + = (0), 


U 


2 | 


a 


3h 


The triangle of reference is constituted by the three vertices of the 
quadrangle of intersection, as before. Whence 


H;+; te fem Boe: b—n tan C cosc 
: ntanOcosc —Il tan A cos a 
~: Ltan A cosa —m tan B cos b. 
The spherical quadrilateral, thus constituted, is defined by the linear 
equations aap + bg + cyr = 0. 


Two points of intersection, as well as their two antipodal points, lie 
on the arc BC, which passes through two vertices of the quadrangle 


of intersection, a=, OPO = tyr, 


Since the line-equation to F, (by § 15) is 


3 2 2 
By 0 Ta ee ST ara = 
2) ir pohageh fee Prem MaaT Ee ee 


1884, ] Mr. H. M. Jeffery on Sphero-Cyclides. 121 


the transformed point-equation is 


F, 
a? ay (uv—cos’ A) — ee cosB cosC sin A (ntan 0 cosc—I cosa tan A) 
_ or cos B cos C sin A (m tan B cos b—1 cos a tan A) 
+2af cos B (sin? A—sin? C) + 2ay cos C (sin? A—sin’? B) = 0, 
if (l—p) b'm = (1—v) en = 6V1 tan A cosa. 
When a=0 
mb’? (n tan OC cosc—Icos a tan A) = nc’y’ (lcosatanA—mcos b tan B), 
or OS Gs 10 yh 


The arc BC therefore meets the conic (Ff) in the preceding points. 

Similarly, the other two conics (f',), (f;) may be shown to pass 
through the other intersections of the quadrilateral. 

18. To find the equation to the sphero-cyclide in two-point coordi- 
nates, the origin being the centre of a dirigent focal conic. 


The coordinates in Gudermann’s system represent tangents of arcs, 
so that #, y; a, b represent 


tana, tany; tana, tanb; sec?r = 1+a?+y’. 
The equation to a (J) circle, whose centre is (f, g) is 
—T) cos 8 (14S? +9") / Ata? +y') = l+fetgy, 
or 1+fe+gy = cos 6 sec R secr =tsecr, 


where ¢ denotes the secant of the tangent arc drawn from the origin. 
The equation to the generating circle, whose centre is (a, /) is 
l+az+Py = Tsecr. 
The condition of orthotomy (§ 8) gives the relation 


1l+af+fg = tT. 
For the generating circle, when T' is eliminated, 
é(1+ax+ By) = (Ltaftfg) sec 7... .0:.eeseeceesee(L). 
For the dirigent conic 
2 2 
(Ff) Lene. Bie fe pon ] Fi PTTL tet Cee 


a> b? 
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The circle (1) varies, subject to the condition (2) ; hence 
(fsec r—tx) da+(g secr—ty) dB = 0, 


ada, PdB _ ¢ 


a? b? 





The required equation to the sphero-cyclide is 
(t—secr)’ = a’ (f sec r—twx)’? +b? (g sec r—ty)?. 

When rationalised, 
{ (a?f? + b’g’—1) sec’ r+? (a?x? + by? —1)}? = 4? sec’ r (a’fa+b’gy—1)’. 
If this be combined with the imaginary great circle sec’r = 0, 
(x? +b?y’—1)?=0 or {(a—b?)#?—(1407)+0 (1+2’?+y)? =0. 
The sphero-cyclide has two double cyclic arcs, which are the single 
cyclic arcs of the polar or complementary conic of (/’) the focal conic. 
The line through the nodes is the polar of (f, g) with respect to this 
polar conic (a°a’+b’y? = 1). 

The formule of quadric transformation from the tangential equa- 
tion of (F) (#+6’n? =1) are seen to be 

E:n:l=fsecr—te : gsecr—ty : t—secr, 

where t=cosd /(1+f?+ 9"). 


19, If the four (Ff) conics are given, to determine the four corres- 
ponding (J) circles. 
The equation to the sphero-cyclide may take other three forms of 
the above type, 
(t,—sec r)? = a, (f,secr—t,2)* + b, (g, sec r7—t,y)”. 


For the confocal conics, 








1+? l+a, l+a, Ta 
= ay eee es mp ee ad Bo hs eer = tan (COS)]; 
+b? 140; 140; 148; ial ee 


C, S being a common centre and focus of the confocal conics. 
By equating coefficients in the identical forms, when developed, 


-. (aif? +b°9° —l+a*t’) = ee po fittig—1 tat) 
Ligon Gish mes US cab (1), 


A (eft +b9g-l-#) = (ai fit tigi-1-#) 
“a 
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af=a,f, = af, = 4, f= suppose, 
Big = big, = bigs = 0595 = B. 
The line through the nodes (a*fa+b’gy = 1) is fixed and seen to be 


the polar of the centre of each (J) circle with respect to the polar 
conic of its corresponding (/’) conic. 





(?+1)¢=(a[+1)4,=... =v suppose, 
@+lt=(B4+)4_=..= in 
(1) may be written | 
eS pe LTS aA ay 
atmo) te z (at R 1) +a 


This is simplified to the condition of orthotomy, 

2 2 
tee we Fe +1 =t, or fitgn+1 = th. 
a 


a, vb, 
By symmetry, Sha tgggt1 = tis. 
By subtraction, 


2 2 
ae rd SS ik. or mA a alias = 
a,a, 0b,b 





rb 
g 
to 
g 
eon 
g 
no bo 
oO 
i) 
oO 
1) 
o 
no 





By symmetry, 





2,2 
Hence My? = aa, 0, Ons ot 7 = — bb, b,b;. 
2 2 2 
Since AS +f 41=t4,= —_—$__——_ , 
aa, bb, (a°+1)(a,+1) 


y (L+7%) = (@ +1) (2 +1) (+1) (a2 +1). 
Thus the radii (6) and the centres (f, g) of the (J) circles have been 
determined in terms of the axes of the (/’) sphero-conics. 


Cor.—If the centres of the (J) circles are collinear, the foci of the 
sphero-cyclide are also collinear. In this case, three, and not four, 
pairs of (F) focal conics and (J) circles are necessary ; if g = 9, = gp 
= 9, = 0, V=a@aia, * = (@'+1)(a +1) (a +1). 


20. To determine the two double and four single foci of the sphero- 
cyclide, and its equivalent class-octavic. 
Its equation is taken from § 19, when ™ is written for a?f?+b°g’?—1, 


{m (a +y? +1) +8 (at + By —1) P= 40 (ety? +1) (a°fet+ B'gy—1)’. 
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The equivalent class-equation is found by combining it with an arbi- 
trary tangent (w+yn—1); the resulting binary quartic must have 
two equal roots, in which case (I,)*’—27 (J,)? = 0, as in § 10. 
The resulting binary quartic is 
{{m+@?+ (m—??) 2] +2 (m—#) Eqayt+ [m4 0? +(m—-#) 07] YP 
= 40 (+1) a+ 2énay + (n' +1) y*] (@f—8) wt (69-2) vy). 
Then the system of invariants, given in § 10, has the following values: 
A= (m+a'??) (m+?) + (m—P) [ (m+ 070?) + (m+b7") FP] 
= tf (+1) (+1) 4+(6—m?t’) (V2? +0'7?—1) 
+ [ttt mt? (a?-+0!=1) +m] (2+ +1), 
B=? +7'+1. 
_In determining the foci, B and all other terms, which involve 
(2+7°+1) as a factor, are neglected, since the foci are obtained by 


the intersections of common tangents to the quartic and this imaginary 
great circle. 
fa = (@f- 8) + (Pg—n) + (fn 098)? 
= (af +big +l) O +n +1)—(afe+b'gn—1)’, 
7 = (m+ Vt) (af—6)? + (m+a't’) (b'g —n) + (m—) (a'fn— bg)” 
= PTO +1) @f-f'+ (@ +) (b'g—2)'] +P —m)afe + b’gn + 1y 
—C—m) (afi + big +1 OE +n +1), 
a = (241) [m+ 022+ (m—#) 17] —22n? (m—2) 
+ (7° +1) (m+? +(m—P) 2] 
= —? (WO +b’? —1)+[2m4+(74+0?—-1) PP] @+7°4+1). 
If these values be substituted in the expression for (J,)*—27 (/,)’ in 
§ 10, the equivalent class octavic may be obtained. 
The foci are found by rejecting B, and therefore the last three 
terms. For the double foci, 
B= (wv? +b'7?—1)’, 
They are therefore the single foci of (F) the focal conic, from which 
the sphero-cyclide was generated. 
The four single foci are those of the class-quartic 


(4+ C)'—DE. 
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Cor.—The two double foci unite in a quadruple focus, when a = b, 


or (F') becomes a circle. This sphero-cyclide is called by Dr. Casey 
a sphero-Cartesian. 


21. The sphero-cyclide has in all 28 foci, real and imaginary. 


Prof. Cayley remarks that this quartic has two nodes, and, besides, 
touches the imaginary circle S(a#’?+y?+1=0) in four points. The 
number of itsclass is thus 4.3 — 2.2, or 8; and the number of com- 
mon tangents to the quartic and the circle S would thus be 2.8 or 
16; but among these are included the four lines touching along the 
points of contact, each twice; the number of common tangents is 
thus 16—2.4, or 8. 


These eight lines intersect in 28 = =.) points, which are the foci 
of this quartic. 


II. On Sphero-cyclides with Collinear Foci. 


22. Their equations have been deduced in §19, Cor., from the 
general form; but they are here also investigated, when a focus of 
the focal conic is the origin, and the constants determined in terms 
of the directrices. 


There are only three (£’) focal sphero-conics, ae 
(F.) A@*+y)-@—-aP=0, (fF) p(@’+y)—@—))? = 0, 
(Fy) vy @+y')—(e—0)' = 0. 
There are three corresponding coorthotomic circles of inversion, 
(J,) l+fa=p,secr, (J,) l+gz=p,secr, (J) 1 nS <=/p,8ec 7. 
Let the generating circle for the first pair be : 
ltax+fhy = y (1+a?+y’)! = ysecr. 
The condition of orthotomy (§ 8) is 
1l+af =p, y7. 
The envelope is required of the variable circle 
p, 1 +ax+ By) = (1+af) secr, 
subject to the dirigent condition, that its centre moves on the conic, 
A(a?+8")—(a—a)? =0 ...,, Ree Meets ouren Cee 
The equation to the envelope is found, as in § 19, to be 


{(1+af) sec r—p, (1+ am) }’+a%piy’ = d (sec r—p,)’. 
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But, since the dirigent conics are doubly confocal, S, H being the 
common foci, 


BLT ST ed ee end cn 
5, L+a’) == (p on aron - 1+c*) = d =—cot SH. 


The preceding equation to the sphero-cyclide may be written 


{a (pP +f? +1) +2f—2d} sec? r 
+ 2p, {2d—(1+af) «—f—a} sec r+ 2p! (a@—d) = 0. 
The quadrantal polars of the origin (1 = 0), and of the other common 
focus (« = d), are double cyclic arcs of the sphero-cyclide. 


The line of nodes [(1+af) «+f+a = 2d] is the polar of the centre 
of (J) with respect to the polar conic of (fF), 


(a#+1)?+a? (1-~) Ip 


23. Two other forms may be written, in which p,, 9, 0; ps3, h, c take 
the place of p,, f, a. It is proposed to obtain thereby another form 
of the quartic, in which the coefficients shall be functions of a, 8, c, 
the tangents of the distances of the directrices from that common 
focus, which is the origin of coordinates. 


Equate the coefficients in the preceding and the identical quartic 


[(1-+bg)? + b’p| —p] sec’ r—2p, [(bg +1) + (69 +1) be—p] seer 
+ 2bp) (w—d) = 0, 


Ai pelhiaigibel Cfict aa eeu Oct ee ee 


— eee 


] 
ie 8 py” ap; bps VE’ 


Pit (aftl)i—a _ be) + (bg +1)?— 
ap: bp! 





The symbols H, K are introduced for subsequent use. 
These relations may be combined, so as to express p; in terms of fis 


P, _ (a—b)(af+1)+br 
Ps id : 


“=Vilp 





(af +1)'— = 





yas Sete 
p, (a— 2) aa 


After reduction, 
up, +f? (ab—1—2ad) —2f (a—b) +ab—1—2bd = 0 ......(1). 
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By symmetry, 
vp +f? (ac—1—2ad) —2f (a—c) tac—1—2cd = 0......... (2). 


The symbols A, p, v are retained, for convenience, as known functions . 
of a, b, c, and d. 


Subtract (2) from (1), and reject the factor (b—c). 
(af+1)’—A—ap* (6+c—2d) = 0, 
or (af+1)*+ a’pi—r = api (a+b+c—2d). 
Multiply (1) byc,.and (2) by 6; subtract, and reject the factor (b—c). 
(1+be) p? = (1-+af)?-+y2. 
By Shatin p', there results a quadratic, which indicates two (J) 
circles, i’? [—abe—a+b+c42d (ab+ac—1)—4ad*] 
+2f (—be+ab +ac—1—2ad) —abc—atb+et2bed = 0. 
For brevity, write this quadratic 
Af?+2Bf+0 = 0. 
The following relations connect the coefficients : 
2Bd = A—O, BP—AC = dur. 
Whence Af+B=V/(py), 
A (af +1) = A-—aB+avV/ (Ap) = d (b4+c—2d)+a/(Apr), 


~(1-2)-B = = (b+e—2d—A) = A+2.(0— 2d) (c— 2A) 
=r+* (1p) iv): 
C 


We have the proportion above stated 





niseesy phoaeat, 
@ af+1 b bg +1 
Substitute the preceding value of af+1, and a similar value of bg +1, 


ar he (1—p) (L—v) +A+ J(u») | [A (b+0—2d) +a/ Quy) 


= | £ d=») Qa) +at Vm) | [4 C+a—2d) +b wr) 
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oo _ (l—-» tN Be eee aa ; 
Dividendo, = { [Fa H-#a ny | +. i. 





x { (ad) V0) + -ary- Xu bo 
={—(a 2d) (b—20) (o—2d) 0 =b —c +40} 
x { VENTS 5 (2d) (82a) (o—2a) — LPF = 


which is a symmetrical function. 


By the aid of this proportion, the coefficients may be expressed. 


From the former proportions, 


= (af+1)? = (4941), 
p; p 


2 





Aa as ms 2h (fats |) 
(af +1)°—d = ap? (b+c—2d), and ~ (1 aii) = 


Hence K =p? (af+1)-? = = (b+ce—2d)-![1—) (af +1)77] 


i 
(0) 
== (b-+c—2d)- ‘[1-< ae (sith A 
by symmetry, 
1 4) 1 2 
Seog) [1- LE sre —aly | 
b p 
dividendo, 


=[(4 -<) w-2 (2-4) a+ 2-5] @—9'e—20" 


= = (c—2d)"![ —(Qabd +a+b) H?+2 (ab +1) H+2d—a—b), 


by symmetry, 
=< (a—2d)"! [—(2bed +b-+c) H? +2 (be+1) H+2d—b—c], 


dividendo, 


peer [—(2bd+1) H’?+2bH—1] [A (c— 2d) —v (a—2d) ]>} 


betel a afar —Yy 
= + [Qbd+1) H-2H+1] [1+ + C-v -»)] 


1884.] Mr. H. M. Jeffery on Sphero-Cyclides. 129 
by symmetry, 


== [(Qed+1) H?—2eH +1] [14+ a-a A -p)| ie 
y ab ; 


dividendo, 
= (—2dH?+2H) {+ (1a) [14+ a-wd-»)]+o+e -20} Fs 
= 2H (—dH+1) } + (1-4) A—»)(1-») + = (1-4) + + A=W) 


Vo =] 
+= (1-») +20} , 
C 


The equation to the sphero-cyclide may therefore be thus expressed 
symmetrically in terms of the tangents of the distances of the 
directrices of the focal conics : 


Ll me aes bali pa ee 
5 (a+b+c—2d) sec? 1 Te enna (el) 


Cor. 1.—If a+b+c = 2d, the satellite-conic degenerates into the 
cyclic arcs. 


Cor. 2.—If. K = 0, the sphero-cyclide degenerates into the line of 
nodes twice repeated, and the imaginary great circle. 


Cor. 3.—If K = ow, or (a—2d) (b—2d) (c—2d) +a+b+c—A4d, the 
sphero-cyclide degenerates into two coincident conics, but retains the 
same cyclic arcs. 

III. On Sphero-Cartesians. 
24, To generate a Sphero-Cartesian by Laguerre’s method. 
There are three concentric dirigent circles, 
ety? = aso... (F,), ety? ay... CH.) pater a 0)! bees (E,). 
And to these there correspond three co-orthotomic circles of inversion, 
1+f,2 = i,se¢r ...... (Ji), IF fea = t,8eC 7 ...... PAE 
Lt fat = t,800 7 vss. (J); 
where f,, fo, f, denote the coordinates of their centres, and £,, #,, ¢; the 
secants of the touching arcs drawn from the origin. 
The equation to the cyclide is found, as in § 18, or deduced from it, 


as the envelope of a variable circle, which cuts the (J) circles 
VOL, XVI.—No, 241. K 
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orthogonally, 
(fit ¢ _ =) sec’ r+ 2t, (fe =) sec r—f, (1+ =) Sil: 
a, ua - 


Similar forms involve the constants fy, a2, t23 fs) 3, ts. 


By equating the coefficients of like terms in the equivalent forms, 
Fit, = fo, = fot, = 040505, 
i (@+1) = (@+1) = 6 (@41) = /{(@41) (C+) (G+D}; 
(a,+1) {(f14+4) 4-1} = (a,41) {(f.+4) @—-1} 
= (+1) {Fst 4) 3-1} 
= 2a; a,0,+a,0,+a,0,+a, awl. 


The sphero-Cartesian can now be expressed in terms of the radii of 
the (F') dirigent circles 


(Qa; a,a,+a,a,+a,0,+c,a,—1) sec?r—(a,+1) (a, +1) (a, +1) 
+2./{(a,+1) (a;+1) (a;+1)} (a,4,4,¢—1) sec r. 


25. To express the radii of the (J) circles of inversion in terms of 
those of the (/’) dirigent circles. (Casey on “ Cyclides,” § 244.) 


Let 0,, 6,, 6, denote the radii of the (J) circles : 


Ze 
sec? 6, = ith = = (14 9%) +1) @ +17 (G+) 
a, 


2 
tan won 1 ke a= Hy, 
l+a, l1+a, 
This may be also expressed in terms of the distances ,, p;,p; of the 
centres of the (J) circles 





tan?6, = hits ; ibe h = tan ee tan —= fs), 
an’ 0, 1+f, ip l+hh (Pp Ps) (P, Ps) 


IV. On the Singularities of Sphero-cyclides. 


26. There is in all cases a pair of nodes, which may be real crunodes, 
or imaginary nodes; not acnodes. Thus sphero-cyclides are dis- 
criminated from other spherical binodal quartics. 

When certain mutual relations exist between the parameters, which 
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enter into their equations, there may be another node,’ crunode, or 
acnode, which unite in a cusp. 

Moreover, the two nodes in the line of nodes may unite in a tac- 
node ; and the two nodes (which are imaginary) may coalesce with a 
third (acnode) to form a triple point, of Salmon’s special form 5°. 
(Higher Plane Curves, § 243.) See below, § 30. 

Lastly, these two singularities, the tacnode and the triple point, 
may (in a special case) coalesce, and form a compound singularity, 
called a tacnode-cusp, of Salmon’s special form 4°. 


27. To determine the mutual relation which subsists between the 
parameters in the equation to a family of sphero-cyclides, which have 
the same line of nodes and the same double cyclic arcs, when the 
sphero-cyclides are trinodal. 

This relation will be drawn as a first discriminating curve (D)). 


' 
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Let this equation take the form 
=x (1+ dz)—(1+me+py) sec r+d sec’ r = 0, 


where k, \ are parameters, sec?s = 1+#’+y? in Gudermann’s system, 
(1 = 0, 1+dz = 0) denote the cyclic arcs, and (l+ma+py =0) the 
line of nodes. 

At a singular point, 


l 
<a 
I 
S 


Sy bay 
are 
© S/S 

Phe 
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For the sphero-cyclide, 

kd = msecr+a(1+mae+py) cosr+2r#, 

0= psecr+y (1+ma+py) cos r+ 2Qry ; 
whence k(2+dxv) = secr + (1+met+py) cosr+2, 


and kdy = (my — pa) sec 7, 
, se, fy 2 
« (2+daz) = (1 e) sec r 
All the nodes in the family lie on the sphero-conic 


mY (yy 2 1) @ apy 2 
ees =) eet 7 


The locus of («, 4) may be drawn by points for successive values of 
a from +o to —o. This curve (D,) has a Newtonian centre, since 
the expressions for «, X both contain sec r or (1+a?+y’)}. 


It has six asymptotes A+tp = 0, 


] 2 


when 2 —— — 
m d 


Kd— 20am (1+27)'+ & (1+ me) (1+27) ?=0, 
where w has two values from the quadratic 
2 2% 1 
De +L =)0, 
It has a pair of points 
c= (itp), X=— (wi +p") 
md 3 b] 


which correspond to the infinite values of #, y (my = pw). It has 
four pairs of cusps. 


The line of nodes (1+mx+py = 0) will touch the sphero-conic 
K(1+dxv)—dA (1+27+y’) = 0, 
if dpe? +4 (m3 +p? —dim) kr = 4 (mm? +p7+1) 


The two lines thus defined, as functions of «x and A, both touch and 
cut the curve (D,), as shown in Fig. 3. See remarks on PQ in § 28. 
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28. To determine the relation be- 
tween the parameters, when sphero- 
eyclides with collinear foci are trinodal. 
(Curve D,.) 

In § 27, p =0; and the equation to a 
family of such quartics is 


«(1+dzx) = (1+mze) sec r+) sec’ +. 


The sphero-conic (§ 27), on which all the 
third nodes lie, is resolved into two great circles 





Ades Vat -=. 


g|4 


The Curve (D,) in this case consists of two parts, according as 
(I.) y=0, or (II.) 1+me+2d secr = 0. 
I. When y = 0, «, X have the following values : 
K (da? +2e—d) = (a—m) (1 +a’)}, 
d (da? +2u—d) (14+ 2)'+ mda +2ma+ze+m—d = 0. 
Two pairs of linear asymptotes are given by the equation 
« (1+da) = (1+ me) (1+2’)' +A (1+2?), 
where « has two values given by the quadratic 
dx’ +2e—d = 0. 
A pair of cusps is determined by the value of #, which satisfies both 


the conditions LS : IS coe 0. 
da da 
By taking the logarithmic differential of x, 


2de+2 _ 1 a 
de?+2a—d 2—-m 1+a 





That is, 2 (2+m) +d (ma—32?+3ma—1) =0 cee (A). 
Its discriminant is 4 (d?+1) {(m?—1) d+2m}? = 0. 





Let d= = > or tand = tan2u, that is, let the distance from 
a : 


—~ 
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the origin of the arc of nodes be half that of the cyclic are 


ed (e—m) (a+ —-) = (em) (+e), 


2m (#—m) (e+ =) (1+a?)?+ (#@ —m) (272? +2ma+m?+1) = 0. 


There is but one solution applicable, viz.. «=m, y =0; and conse- 
quently it belongs to the subsequent Case IJ. The curve drawn with 
the values of x, A, when the factor (e—m) is withdrawn, is in- 
applicable, and does not constitute a part of the Curve (D,). 

The cubic (A) has only one real solution; it has no equal roots, 





when d= = 


= unless m= 1, andd=0o. Consequently, there is 


only one pair of cusps for each sphero-cyclide of this family. 
If the line of nodes (1+m# = 0) touch the sphero-conic 


« (1+dz) = 2dsec’r, 
then mk (m—d) = (m?+1)X. 
If this ratio x : A be substituted in their preceding values as functions: 
of 2, (ma +1)? {a (1+md) +m—d} = 0 wi...csecceeeees-(B). 


Hence this line PQ («:A), in Figs. 3, 4,5, both touches and cuts 
Curve (D,). 

To their point of contact there corresponds a sphero-cyclide with a 
triple point (see § 26); to their point of intersection, a quartic with 
a tacnode and crunode; moreover, this line PQ discriminates quartics 
with real crunodes from those with imaginary nodes. 


II. For the second portion of Curve (D,), when 


e= plaee a 1+ma+2d sec r = 0, 
m a 
there results the hyperbola 
ders oe 1 
m Oh dsm 


For all values of «, A thus correlated, the quartic degenerates into two 
coincident circles, codiametral with the («) are, 


1+me+2d (1+2?+y’)? = 0. 


Cor.—For the sphero-Cartesian, the conditions for a third node 
or other singularity are derived, whend=0. (Fig. 5.) 
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[29. To find the condition for a tacnode-cusp in a sphero-cyclide. 
In this case the tangent at the cusp in the Curve (D,) coincides 
with the line PQ, which therefore meets (D,) in three coincident 


points; the triple point unites with a cusp in the corresponding 
quartic. 


The values of # in (B) are identical, if 2md = m’?—1, or 
tan d+cot2u = 0, or aa = 2u (p. 138). 


This value of d satisfies (A), the condition of a cusp : 
(me+1) {(m?+8) 2—4ma+(1+3m’)} = 0. 





Fia. 5. 


The two sphero-Cartesians 
sec? r+(1l+2) sec r = 2 


have each a tacnode-cusp, when « == 1 respectively. | 


30. To determine all the varieties of sphero-cyclides with collinear 
foci by the aid of the first discriminating curve. (Figs. 4, 5.) 

Let the line POQ be first considered : for all values of the parameters 
x, A, for points above this line in the first quadrant, and below this 
line in the third quadrant, all such quartics have twocrunodes; for 
points on the other sides of this line, the two characteristic nodes are 
imaginary. At the points of intersection R, S, the quartics have a 
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tacnode and crunode; at the points of contact P, Q, a triple point 
formed by the union of an acnode with two imaginary nodes.* 

To the cusp in this Curve (D,) there corresponds a cusp in the 
sphero-cyclide, besides the two imaginary nodes; for points on (D,) on 
either side of the cusp, crunodes and acnodes correspond. 

For points («, A) on Curve (D,) above Rf, the Sphero-Cartesians are 
tricrunodal ; and for points beyond P, acnodal with two imaginary 
nodes. 

For points («, \) on either side of Curve (D,), the companion-curves 
become bipartite, or unipartite with folia. 

The outer lines in the second and fourth quadrants AB, CD are 
bounding lines: 7.e., for points («, A) thereon, the corresponding 
sphero-cyclides shrink to points; and for exterior points, none 
correspond. | 


V. On the Points of Undulation in Sphero-cyclides. 


31. To determine the mutual re- 
lation between the parameters, which 
enter into their equations, when 
sphero-cyclides have points of undu- 
lation, or the second discriminating 
curve (D,). 

At a folium-point, or point of un- 





dulation, S¥=0, S¥=0. Fis. 6. 
Let these tests be applied to this quartic in its most general form 
(§ 27) A sec?r—K (1+ da+tey) = (1+ m2) sec 7... .00.0000000(1). 
Differentiate thrice ISMN and let 
2d (w+ py)—« (d+ep) = msec r+ (a+py) A+ma) cosr...... (2), 
2d (1 +p") 


=2m(a+py) cosr+(1+p?)(1+mea) cosr—(a+py)? (1 +mz2x)cos*r...(3), 
0 = m(1+") cosr—m (a+ py)’ cos’r—(1+p*) (e+ py) (1+ mz) cos’ r 
+(1+mz) (a+py)* cos’ r 


* [This triple point discriminates sphero-cyclides from other binodal quartics. In 
the quartic kK (L+dx) = (1+max),/(1+a%—y*) +A (l+2-y’"), 


the triple point for the same critical values of « and A, asin the text, has one real, and 
two real coincident branches, caused by the union of a crunode with two real nodes. ] 
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This last condition may be resolved into two factors 
(1+p*) sec? r—(e+yp)*, and msec?r—(a+py)(1+mz) ...(4). 
The former factor is rejected, as it should be from its form 
L+p'+ (pa—y)’, 
since sec’ r = 1+a?+y’. 


The second factor (4) gives the real condition: when substituted 
in (2) and (8), 


20 (a+ py)—K (dtep) = 2M SECT virccsccreseceeees (2), 
2d (1+ -p") sec r = m (e@+py)+(1t+p?) L+ma)....cceeee (8). 
The elimination of « and A from (1), (2), and (8) gives another con- 
dition, (d+ep) sec’ r [m (e+py)+(1+p’) (1+me)] 
—2(@+py) 1+det+ey) [m(e+py)+(1+p') 1+me)] 
+2 (1+’) sec? x [2m (1 + dex + ey) — (d+ep) (l4+mz)]= 0. 
By the aid of (4) this eliminant may take the form 
2m (1+da+ey) [(1+p’) sec’ r—(@+py)"] 
= (d+ ep) sectr [(1-+p") (1+ma)—m (w+py)], 
or a still simpler form by the aid of (4), 
2m (1+datey)—(d+ep)(1L+ma) =0 waceeecccccees (5). 
By eliminating p from (4) and (5), the locus of the points of undula- 
tion in a family of sphero-cyclides is seen to be a sphero-conic. 


2m—d+mda+2mey = a [me (1+ 4?) —a] ...secceseeeees (6). 


By giving y successive values from +0 to —o, single values of a, 
and therefrom of x, A, so that the required discriminating curve (D,) is 
drawn. The curve (D,) has the origin for a Newtonian centre, since 
k, X are determined as factors of secr or (l+a?+y’)}. 

It has an asymptote, when 


dt+ep =0; 
and 1+du+ey = 0, ex+(m—d) y = me. 


For these values « = 00, and d is known from (3). 
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It has a second asymptote, also parallel to the («) axis, when 
mdy+e = 0, =o, and ep=d; 
for these values 
K= 0, 2X(d?+e’) = m (d?42e’). 


There is a node at the origin, corresponding to the value 
(1+mz = 0), since it yields two values of y. 
Only half of the curve is drawn in Fig. 6. 


32. To determine the mutual relation between the parameters, when 
sphero-cyclides with collinear foci have points of 
undulation. Curve (D,). 

In this case e = 0 in § 81; and the locus of the 
points of undulation in such a family is a great 
circle, co-diametral with the (y) arc, 


i i 0 ee (6). 


The limiting values of y are 0 and 0; negative 
values of y give the same negative value of p from 
(4), and therefore the same points, since « and 2» 
are functions of 


(et+yp) and (1+p’). 


When y=0, p=; and «= 0=A determines the origin. 


| 


Fic. /, 


When y = 0, p= 00; and k, d have these finite values, 


divoget 
1+mz 


(3) 2d (1 +a)3 = 1l+mz2; (2) 2rm dk = 2m ¢! +27)? ; 


and the curve (D,) terminates abruptly. The origin is its centre. 


If d= 0, the form fails, since (2) and (3) are incompatible, and 
by (6) m=0. Sphero-Cartesians have therefore no point of undu- 
lation. 

The points of undulation are limiting forms of folia or depressions, 
characterised by two points of inflexion. Accordingly, for values of 
(x, A) on one side or the other of the Curves (D,), in Figs. 6, 7, the 
companion sphero-cyclides have two points of inflexion or none. 


VI. On the Sphero-du-cyclide. 


33. This is the polar or complementary curve of the sphero-cyclide ; 
its modes of generation and the forms of its equations are derived at 
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once by dualising (§ 36). It isa class-quartic with two bitangents, 
real or imaginary, and therefore of the eighth order. 

The sphero-du-cyclide has two double foci, which are the single foci 
of the focal conic of the sphero-cyclide. 

It is generated in four ways, as the envelope of a variable small 
circle, whose concentric great circle rolls on a dirigent sphero-conic 
(F'), and which small circle is so related to a fixed small circle (J), 
that their common tangents are quadrants in length. 

The four dirigent conics (J) are doubly concyclic; their two com- 
mon cyclic arcs are double in the sphero-du-cyclide, thence generated. 


34, Der.—The quadranto-circle of a spherical triangle ABC has the 
common orthocentre of ABC and its polar triangle A’B’C’ for its own 
pole, and is such that two corresponding sides BC, B’C’ of the primi- 
tive and polar triangles meet each other and the quadranto-circle in 
points A”, A”, which are 90° distant from A. 

The great circles, which are concentric with the four (J) small 
circles, taken by threes, constitute four spherical triangles, which are 
self-conjugate with respect both to the (Ff) conics and the (J) circles. 
Each triad has the fourth great circle for its quadranto-circle. 

The other properties of the du-cyclide are in like manner readily 
derived from those of the sphero-cyclide. 


35. The transformations of § 11 have their counter-part, in trans- 
forming from a sphero-conic to a sphero-du-cyclide. 


I. The dual formule (1), (2) become 


siny = cos(r—p) sind, tanr= Eee routes Glas 
and of anallagmatic inversion 
PY \ 2 
1—tan 4+ 1—tan 2 1—tan > 
See On ae (2). 


1+tan Bt 1+tan Be L+tan £ 


II. If U, V, W denote the fixed circles J,, J,, Js, which have the 
property that their common tangent arcs are quadrants in length, 
and if the dirigent conic (Z) be denoted by the point equation 


(a, b, ¢, f, 9; h Qa, B, vy)” = 9, 
then the sphero-du-cyclide, thence generated (§ 33), has an equation of 
the same form fasbeerteg, aU, V, W)? 0. 
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The symbol U has the dual form of that given in § 11, 
U = cos AP—cos 6,. 


AP now denotes the inclination of an arbitrary circle (2, n) to the 


great circle (1, m) concentric with (J,), whose radius is yr —0o,, and 


. ne lE+mn+ 1 

equation U= J+ m+1) / +e +1) 

36. Universally in Analytical Spherics, the formule ‘of any curve 
are applicable to its dual or polar curve, by writing yp’, q’, 7”, the line- 
coordinates of a great circle referred to A’B’C’, the polar triangle, for 
a, 2, y, the point-coordinates of the dual point or spherical centre 
referred to ABO, the primitive triangle. 

In Gudermann’s system, where the triangles ABC, A’B’O’ coincide, 
being tri-quadrantal, —é,—7 must be substituted for w, y, in dualising. 

All the equations in this memoir are equally applicable to this dual 
curve, when the point and line-coordinates are thus transformed. 


—cos 6, = 0. 


VII. On Doubly Bi-confocal Sphero-cyclides. 


37. Dr. Casey has applied the methods of sphero-conics to sphero- 
cyclides by the transformation given in §11. (“On Cyclides,” 
§§ 270—273, 8308—811.) 

I will apply it to transform the general equation of confocal sphero- 


conics lp’ +mq?+nr'+r (apP+bqQ+erR) = 0, 


and to prove that all sphero-cyclides, which have the same pair of 
double foci, but different single foci, pass through four concircular 
points, which lie on a small circle, whose pole or spherical centre is 
the orthocentre of the triangle of reference, or centre of the J circle 
from which it is generated. ¥ 


We have to interpret 
“7U?+b0°V27+c?W?—2bcVW cos a—2caWU cos b—2abUV cose, 


* [Doubly bi-confocal bicircular quartics and cyclides do not intersect. The 
function (ap P+ bgQ+erk), when quadrically transformed, gives the centre of J or 
the orthocentre of the centres of J), Jz, J; as a point-circle 


= (aa? cos? A — 2beBy cos A cos B cos C), 


not situate on the curve. A system of doubly bi-confocal Cartesians and Cartesian 
cyclides is expressed by the relation S « D, where S is a circle or sphere, and D the 
distance of a point on the locus from the centre of the (F) focal circle or sphere. ] 
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where, by § 11, II., in Dr. Casey’s notation, 
px Uc cosat—cosaP «x wu seca—a, 
qx Vapsecb—p, ra Wa pseco—y. 
For brevity, w stands for ,/(cosa cos b cosc), 
6va’ = aa+bp cose+cy cos b. 

Hence P = ap—bq cos C—er cos B « py cos B cos O—6va, 

Qa pycos Ccos A—6vB, Ro pycos A cos B—6vy. 
Here also, for brevity, vy denotes tanatan b tanc, 6v = ab sin C. 

apP+bqQ+crR x a (psec a—a’) (uv cos B cos C—6va) 


+b (usec b—/3’) (uv cos C cos A—6vf) 
+c (usecc—y’) (uv cos A cos B—6vy) 


ax (6v)’?+ abe (tan a cos B cos C+ tan b cos C cos A+tanc cos A cos B) 
—12v,/(cosacosb cosc) (atana+ftanb+y tanc). 


This is the equation to a small circle, concentric with the J circle 
of § 18. 


abe X (tan a cos B cos C) = (6v)?—abc tana tan b tanc cosA cos Bcos C. 
The reductions used here depend on the identity 
tan b cos 0+tan c cos B = tan a (1—tan b tan c cos B cos C). 
The transformed equation to this family of sphero-cyclides is 
L(u seca—a’)’+m (usec b—f’)’+n (usecc—y’)’ 
+A {2 (6v)’?+ abc tan a tan b tan c cos A cos B cos C 
+12vu (atana+/f tanb+ytan c)}’ 


The small circle intersects the sphero-cyclide in four points, and 
not in eight, unless the antipodal points be added, since, by expressing 
the constants in terms of Sa tana, the first line becomes a sphero- 
conic. 


[88. Sphero-cyclides are cut by planes in four concircular points. 
As in § 87, any sphero-cyclide (§ 6) 


asec’ R+ (bu,+v,) sec R+v, = 0 
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is intersected by any circle, 
sec Rh = le+mytn= uw, 
in the same four points as the sphero-conic 


aw) + (bu, +2) w;+v, = 0.] 


Errata.—In § 4, read ‘‘' The line of nodes in the sphero-cyclide is the polar of 
the centre of any (J/) circle with respect to the polar conic of the corresponding (/) 
focal conic.”’ 


In § 6, Cor., read ‘‘ If the cyclide has the imaginary circle at infinity as a cuspidal 
edge, or if v, = ¢ (a? +2?) + dy?, the SEAS sphero-cyclide is called by Dr. Casey 
a Sphero-Cartesian.”’ 


Prof. Hart has already published his Memoir on the ‘‘ Five Focal Quadrics of a 
Cyclide,’’ in the Messenger of Mathematics, Vol. xtv., pp. 1—8. See $4. 


On the Limits of Multiple Integrals. By Huan MacCott, B.A. 
[Read November 13th, 1884. ] 


In my first paper on the “ Calculus of Equivalent Statements” 
(Proceedings, Vol. 1x., Nos. 124, 125), I showed how the limits of in- 
tegration in a multiple integral might always be ascertained whenever 
we had enough data for the purpose. I now propose to show how the 
expression of the limits thus ascertained may often be simplified and 
reduced to a form more convenient for integration. 


Derinit1ion.— When we have an elementary statement of the form 
Vmn OF Ymin Vrs OF Zmn Yrs Cw», &C., presenting the nearest limits (or 
true limits of integration), we may, for brevity’s sake, take any of 
these symbols to denote, not the statement itself, but the integral 
which has the limits of integration indicated by the statement. 


Thus Ymn@,,5 Will be a mere abbreviation for 


Ym vy 
| dy | dx. 
Yn Xs 
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From this definition we get the following self-evident rules : 


Rue 1: Ln = —kyrimy 
Yim't.n ys = —Yarim rs = Ynrim ls yy 
and so on, 
Rute 2: te Ay 
RULE 3 : min bey, s = Uns FB. n ) 


and, generally, in adding any number of integrals of the same func- 
tion and variable, the superior limits may interchange their inferior 
limits in any order. 


RULE 4: i Urn tery = mre y 
and so on for any number of terms. 

As an example of the application of these rules, take 

Yara (Ha.1 + By. 4) + (Ys. +Y2.4) 2 
Applying Rule 3 to the bracket integrals, the expression becomes 
Ys4 (Uy.4 + %y.1) + (Yaa Your) Ur.2 = Yo.4Uy.4F Yor ya} 

for the two terms omitted cancel all other by Rule 1. 

As another example, take 

2.0 Yv.o Uy. oF 41.0 Yor.0 Uv.2 + 227.0 Yr.2 Cy. 2° 
By Rule 4, we can put this into the form 
Zy.0 Yv.o (8.1 +@y.0) t2r,0 (Yo. + Yv.0) Cy.2+ (2e.1+ 2140) Yvr.2 @.2- 


Multiplying out and cancelling (as in the preceding example) those 
terms which destroy each other by Rule 1, we get 


217.0 Yr.0 Hy. 0 41.2 Ya V1, 2+ 


When the data from which we have to find the limits of integration 
involve literal constants, this circumstance often gives rise to different 
cases, the solution being different for each case. 

When we have found the limits of the variables, we must then 
apply the same process to the constants, and determine their limits 
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also. In this way we shall separate the cases. Suppose, for 
example, the final result to be 


Ua, + Vay-+ W, 
in which U, V, and W are each expressions she Rian 
Yin Gra Yur Cap 9 
while a is a constant. Multiply the above final result by a,+a,, and 
we get a,(U+W)+a,(V+W). 


This asserts that U++ W is the proper expression for the integra- 
tion when a>a,, but that V+ W is the proper expression when a is 
less than a. 

Next, suppose the final expression to be 


UVay.»+ Vag+ Wa,+ Z. 
Multiply by (a,+a,) (a,+ a), and we get 
aya V+W+Z) +o, (W+Z) + ay. V+Z) +4y,y (U+Z). 


This asserts that V+-W+Z is the proper expression for the integra- 
tion when a, and a, are both inferior limits ofa; that W+Z is the 
proper expression when a is greater than a, and less than a,; and 
So on. 

The cases ay,, and ay. in the above example are contradictory. 
When mere inspection of the table of limits is not sufficient to show 
which case must be expunged as impossible, we must have recourse to 
the formula Qy.n:9(@ —G,y). 

Since the transformations and simplifications, founded on Rules 1, 
2, 3, 4 of this paper, are independent of any particular table of limits, 
it is evident that they may often be greatly facilitated by diagrams 
representing merely rectangular areas or volumes, without having 
recourse to curves or representations of curved surfaces. One or two 
simple examples will sufficiently illustrate my meaning. Take the 


expression Yor.1 By,o t+ ZY, 1 Cy, rt Yv, 9 Ca,1+ 
Fig. 1 makes it evident that this is identical with the simpler ex- 
pression Yo. 2 oF Ya, 0 Car. 


the elementary area containing the double plus representing the 
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middle term of the original expression. Suppose we had taken the 























Y2 
Y¥g ~ 
+ ++ “Yo os 
Y 
“ sn 
Yo he aa i 
Xo vy Xo "1 
Fig. 1. 
Hs X% vy 
ErGi- 2. 


order of the limiting lines given in Fig. 2, we should have obtained 
our signs thus: 

Observing the usual convention as to signs in regard to lines and 
areas, the first term ¥.,; #9 of the original expression directs us to 
insert a plus in each of the right-hand two elementary areas which 
make up the whole positive area Yo, yo. The second term 2/9; %,1 
directs us to insert twice a minus sign in each of the four elementary 
areas which make up the whole negative area yy) %,,. The third 
term ¥1/.9 ,, directs us to insert a plus sign in each of the two bottom 
elementary areas which make up the whole positive area yy.9 1. The 
whole collection of signs will then appear as in Fig. 2. Cancelling 
now the double sign + wherever found, Fig. 2 will then assume the 
simpler form exhibited in Fig. 3, which makes it evident (as before) 
that the simplest expression for the area is the two-term expression 


Yor.1 Baro F Yor.o Car. + 
It is also clear, from Fig. 3, that the expression may also be put into 
the form 2Y 27,0 La,0 + Y 17,0 %or,2 + Y 27.0 %or,15 
which is not so clear from Fig. 1. 
Y2 





“6 ee 
=| 


by a ae 








U5 Xv vy 
Fig. 3. vy Le Ls L4 
Fig. 4. 





Take next the expression illustrated in Fig. 4. At first sight it 
VOL, XVI.——-NO. 242. L 
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does not look as if this could be expressed in fewer than four terms ; 
but place a double sign + in the central blank elementary area, and 
it then becomes evident at once that the expression may be put into 
the simpler form 

Yor.4 Vy.2 TYv.3 U3. 


Of course, all simplifications thus obtained by mere inspection of 
rectangular areas, or (without the aid of diagrams) by the preceding 
symbolical rules of reduction, hold good for all possible tables of 
limits, and therefore for limits the true representations of which 
would be curves, and not straight lines. It sometimes happens, how- 
ever, when we come to actual integration, that, of two equivalent ex- 
pressions, the one involves imaginary quantities, while the other does 
not. The final result, however, will be the sime, whatever expression 
we take; for, in such cases, when imaginary quantities enter into our 
integration, they will always be found to vanish afterwards by can- 
celling. 

In the case of three variables, as the elementary volumes which 
collectively represent the whole integration cannot generally be all 
exhibited to the eye, we cannot adopt the plus and minus system of 
marking which has just been illustrated in the case of areas. The 
following method is the best substitute that I can think of. 

Let the symbol m*n*r marked on the top block of a pile indicate 
that the m™, n™, and *™ blocks of that pile (counting upwards from 
the bottom) form parts of the integration, but that no other block of 
that pile (or column) forms part of it. A dot above a number asserts 
that the block indicated by that number is to be taken positively, while 
a dot below a number asserts that the block indicated by that number 


| 


; ° 


— 


is to be taken negatively. For example, 3°4°5 
(which refers to blocks of the same column; see 
Fig. 5) asserts that the third block (counting up- 
wards) is taken twice positively and once nega- 
tively ; that the fourth block is taken three times 
positively and twice negatively; and that the 
fifth block is taken once positively and once 
negatively. Hvidently, therefore, the above 
symbol may be replaced by 3°4, which asserts 
that the third and fourth blocks (shaded in Fig. 5) 
enter positively into the integration, the other 
blocks of the column being left out of account. 










As an illustration, let it be required to simplify the expression 


23.0 Ysr.o X13 + Zy.0 Yir.3 Uy.3 + 237.0 Yio ©3 0+ 
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Considering upward, eastward, 
and northward as the positive 
directions, and their opposites as 
the negative, we shall obtain the 
result givenin Fig.6. Cancelling 
the double-signed (and therefore 
zero) volumes 1:2 and 1, we shall 


have left the positive column 1:2 
and the negative block 2, expressed 


by 23.0 Yv.o Vy.0 —%3,1 Ya.1 L315 





which is the utmost simplification 
of which the given expression is 
capable. The same result may, of 
course, be obtained, without the aid of a diagram, by the preceding 
rules, but, I think, less readily. 


La Ly Ls 
Fig. 6. 


Note.—In evaluating multiple integrals of the form Zn Yw.sw.» 


and ¢ (@, ¥, Z) @m.nYw.s w.r, the following notation would, I think, be 
convenient : 


Let the symbols $ (#) @w,, and @y.» (#%), which differ only in ar- 
rangement, have different meanings by virtue of this difference of ar- 
rangement. Let the former denote the value of the integral | dz ¢ (z), 
when taken between the higher limit w,, and the lower limit #,; and 
let the latter denote $ (@n)— (@n). 

For example, let {dw¢(z)=wW(w). According to the proposed 
convention, we should have 


p (a) em in = Yin w (a) = Ny (2m) —wW Ga), 


As a simple illustration, suppose we are required to evaluate 
Zy.9 Yv.2 t,o With reference to the accompanying table. 





The full process would be as follows: 
Zy.2Yv.2®y.o = (Y—C) Yu.2 By. 
= yr. (39° —Cy) Hy. 
= (4a0?—ca — 10’ + dc) ay. 
= ayo (42°—1 cw’ — ib*w + ber) 


= 1a’ fa'c—iab’+abe. 


L 2 
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The ordinary symbols of integration might thus be dispensed with, 
while the successive steps of the integration would be exhibited in 
their natural order and without a break. 


On Quadric Transformations.* By Mr. W. Srorriswoopsz, P.R.S. 


A quantic is said to be transformed when the variables originally 
contained in it are replaced by others, and the transformation is called 
linear, or quadratic, or of a higher degree, according as the equations 
connecting the two sets of variables are of the first, or second, or of 
higher degrees. The transformations usually considered are linear, 
whereby, for example, a rational homogeneous function U of 2, y, is 
transformed into another of the same degree in é, n, either by a sub- 
stitution of the form 

E:n=le+my :le+my, 


or by a substitution of the form 
ary =abt+Bniai+f'n. 


The theory of linear transformations has, as is well known, been in- 
vestigated by Boole, by Sylvester, by Cayley, and by many others; 
and notably by the last-mentioned mathematician in his classical 
‘“‘Memoirs on Quantics ” (Phil. Trans., 1856, et seqq.). 
Tchirnhausen’s transformation is an instance of one of a higher 
degree ; and the substitution is of the first form, viz., 1t is as follows : 


(ae IS emmy EE 


where V, V’ are homogeneous functions of a, y, of a given degree n. 
And, if U be the given function of #, y, which is to be the subject of 
transformation, the process is effected by eliminating w, y from the 


equations U=0,9V —EV = 0); 


* Some papers by the late Mr. W. Spottiswoode, P.R.S., which had apparently 
been written with a view to their being brought before this Society, were, at the 
instance of the Council, submitted to Prof. Cayley for him to report upon the 
advisability of their being printed in the Proceedings. In accordance with Prof. 
Cayley’s report, the following portions, which have been kindly edited by him, are 
printed here. 
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and the result, say W = 0, will clearly be of the same degree in é, 
as was Uinw,y. This done, we may calculate the derivatives (in- 
variants and covariants) of W, and examine the relations between the 
derivatives in question and those of U, V, V’, taken separately or 
in combination. 

- But, precisely as in linear transformations there are two forms, one 
in which é, n are expressed in terms of w, y, and the other in which 
#, y are expressed in terms of £, » (which forms may be termed com- 
plementary to one another) ; so also in higher transformations there 
are two forms, one expressed, as above, by Tchirnhausen’s formula, 
and the other by the formula 


Lo Tim VO RES 


where Y, Y’ are homogeneous functions of £, 7, of a given degree. 
And, even although there be not at present any applications of the 
latter method whose utility is immediately apparent, it may still be 
a legitimate problem to calculate the derivatives of W, and to examine 
their relation to those of U,Y, Y’. This is the subject proposed in 
the present communication, wherein, however, I confine myself to 
quadratic transformations, and in fact to an elementary instance of 
such. 

The question, in the case of a Tchirnhausen transformation, was 
noticed by Prof. Cayley in a paper entitled “ An Example of the 
Higher Transformation of a Binary Form” (Mathematische Annalen, 
vol, Iv., p. 399), and it was more fully investigated, especially with 
reference to quadratic transformations, by Gordan, ina paper, ‘‘ Ueber 
die Invarianten binaren Formen bei hoheren Transformationen ”’ 
(Orelle, vol. txvit., p. 164). In connexion with the same subject, the 
following Memoirs may also be mentioned :—Hermite, “‘ Sur quelques 
théorémes d’algébre, et la résolution de Véquation du quatriéme 
degré” (Comptes Rendus, vol. xtv1., p. 961, 1858) ; also, Cayley, ‘‘ On 
Tchirnhausen’s Transformation ” (Credle, vol. Ly1I., pp. 259-262, 263- 
269, 1858, and Phil. Trans., 1862, pp. 566-578). 

The case which we first propose to examine is the simplest, viz., 
the quadratic transformation of the quadric. Let the quadratic be 


Ue (AG) CE ae eer sie ats ohi eer ss sera); 
and the equation of transformation, or the transformant, 
ary = (a, p, vy) (6, n)” : (a, 8, ') %, 0)’, = V: Ve ets (2). 


But, before proceeding to the actual transformation, it will be con- 
venient to enumerate in detail the quadrics in x, y; as well as those 
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in £,»; together with the several derivatives which will occur in the 
sequel. 
Adopting the following notation, 


Di ac—b, 

A= ay—/(, 
2A’ = ay’ +a’y— 288, 
A” = a’ —6, 

O = 4(AA”—A”), 
K = aA+2bd'+cd”, 


then D is the discriminant of U,7 
A be] ty) V; 
A” 99 99 Ve 


2A’ is the intermediate of A, A’, 
O is the resultant of V, V’, 
K is the intermediate of D, 0; 


O is also the discriminant of a quantic U’, to be hereafter 
particularised. 


Further, putting a, B, ¥ | Wire) 
a’, BY | 
aA+PpB+yC =), 
aA+)B+yC0 =0, 








we have the relations 


and 4AC—B? = 4(AA"—-A’*) =; 
also, putting 6) 20, a Meee iy, 
Bang AN 














we have the relations cP—2bQ+ak = 0, 
AP+2A’°Q+A’R = 0, 
and PR-Q@ = DO— kK’. 


This being premised, if we write the transformant in the follow- 
ing form, 


(ay—a’e, Py—P'a, yy—y«) (é, n)? = 0, 
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and then form its discriminant U’ with respect to é, n, we shall find 
U’ = Ay? —2A’ya + A’2?, 


which is in fact the function, whose discriminant is +], mentioned 
* above. 

Following the course pursued by Cayley in his “ Fifth Memoir on 
Quantics,” and considering first the quantics in w, y, we have the two 
quadrics U, U’; their discriminants D,+01; the connective of D, O, 
viz., K; the resultant of the two quadrics, S; their Jacobian 0; an 
intermediate Y; and, lastly, the discriminant of the intermediate. 
Among these, the values of U, U’, D, O, K have been given above. 
Also it will be found that 


S=4(DO0-K’), 
6=3 (CP,  B)(@, y)’; 
and, if the intermediate be 
Y = (Aa+uad", \O—pA’, Ac+pA) (a, y)?, 
then its discriminant will be 
(D, K, 405 #)* 
If the two quadrics are harmonically related ; that is, if their four 
roots are harmonically related; then 
1h. 
If they have a common factor, then 
DO-K? = Pk-Q’; 
and the latter form expresses also the condition that the Jacobian shall 
be a perfect square, as was shown in the case of any two quadrics 


harmonically related, by Cayley in the Memoir above quoted. 
Turning now to the quantics in &, 7, we have the three quadrics, 


vizZ., V = (a, B, vy) (&, »)’, 
Vv’ = (a, P', 7), 0)’, 
V" = (ay—a'a, By—P'2, yy—v x) G, 0)”, 
and, since the invariant of these, viz., 
a, a’, ay—ae| = 0, 
‘B, BY, By—Ba 


Vs vY-Ye 
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vanishes identically, it follows that there is a syzygetic relation be- 
tween V, V’, V’; and therefore each quadric may be considered as an 
intermediate of the other two. The three quadrics are then said to 
be in involution; that is, the six roots of the three quadrics are in 
involution. 

If to these three quadrics we add the Jacobian of V, V, viz., 


es (0, —B, A} ie n)’, 


we shall have four quadrics. Further, if the roots of these be repre- 
sented by p, p’; q, 9; 7, 7; 8, 8; then the sets p, 4,7, 83 P97 i 
will be homographie, if 


1, p, P's pp | = 9. 
lq, av 
Reyes 
Ue he 
which condition may be written also in the following form, 
p-p, 1, pty, pp | =9. 
q—-d 1, ata, a 
r—r, 1, rt, rr 
s—s, 1, sts, 88 
But, multiplying the four lines of this determinant by a, a’, ay—a’a, 


C, respectively, and substituting from the expressions for V, V’, V”, Q, 
the condition takes the form : 


Vane, Bp, y Suh), 
J—A", a, 6, ¥/ 

VEZ Te ay—aa, PBy—Pa, yy—yzx 
VSI} mitt A 


Then, writing for (line 3), —y (line 1) +2 (line 2) + (line 8), the deter- 
minant may be reduced to the following form: 


(—y/ —Ata/—A"+/—0’) te) RR GY = 0, 


iy Bis iy 
CO, —B, A 
or (9) A A 27) oOo = 0. 


If the first factor vanishes, we may transpose the last term, and then 
square both sides of the equation, We shall then obtain the following 
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PA —Qey/ AA’ +a2A’ = yA—Qayd’ + 2A”, 
whence also AAPA 2 Ge 0: 


Therefore, the condition that the roots of the four quadrics may form 
a homographic system is 0 = 0; that is, the quadrics V, V’ must 
have a common factor. 

To calculate the anharmonic ratio of V, V’, V’, Q. From the 
quadratic equations for p, q, 7, s respectively, we have 


p=(-fB+V7-A) © a, 
q = (-Bh+V—4’) ace 
r= (—Py+ Bet V—T) : (ay—a’), 
s=3(B+V-D) Nyon 


and whence 


q-1 ={—P (ay—a’2) +a (By—f'x) + (ay—a’a) V—A" —-a' /— 0} 
: a’ (ay—ae) 


= {—Cy+(ay—a’x)/—A’—a' /—0'} >a (ay—a'e), 


r—p = {—a (by— Be) +f (ay —a’x) — (ay—a'e) Vv Aa 0" 


<a ie >a (ay—a'e) 
={ (Oe—(ay—ae)/—At+aV/—U'} 14 (ay—a’2), 


p—q= {Ota /—A-—avV—A"} : ad’, 
Pee DORK a Ba aC 
= {2aA’— 2A +20/—A—a/—D} : 200, 
g—s = {—208'4+20/—A"—a'B—a' /— DO} : 20'C 
= {2aA”—2a’A’ + 20/ —A’— a V— G} : 200, 
r—s = {—20 (By—f'2) +20 /—U'—B (ay—a'x)—(ay—a'z) /— D} 
: 20 (ay—a’x) 


= {2(a’A’—ad”) y+2(ad’—a’A)a+20/7 —U—(ay—a’z) /—O} 
> 20 (ay—a‘2) ; 


and the anharmonic ratio will be expressed by any of the following 
ratios : 


eet) en 4): (r—p). (g—8) + (p—9) (r—#)- 
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Kach of these products has for its denominator the quantity 
Qaa’ (ay —a' 2), 


which may therefore be discarded. Taking the first two of the above 
products, we shall have as the expression for the anharmonic ratio 
the following : 


{—Oy+ (ay —a'2)/—-A’—-a /—-T} 
x {2aA’— 2’ A+20/—A—a/—D} 
: {Ox—(ay—a'e)/—A+ta/—U} 
x {2a”— OAR Oya tN bog Wa oO . 
If the system be homographic, then, as was shown above, 0 = 0, and, 
+ C = IN ae 
+/f/—U= y A Ren ON 
and, if we take O with the negative sign and “—U’ with the positive, 
we shall find that each of the factors of the anharmonic ratio will 
vanish, as they should, because the four quadrics have a common 
factor, %.€:, 2 =e 
If we give C the positive sign, retaining also the positive sign for 
v—U’, we shall find that 


— Oy + (ay — 2) /— BW" —d J — = Yy (aV/ — A" —a' / —A), 
— Ox + (ay—a'2)/—A —a /—U'= 2. (av —A”—a'/—A), 
2 (ad — aA OVD —a /—O= 4(ad’—aA), 
9 (ad”—a' A’ + 0/ —A") —a /— O= 4(aA”—a'A’). 
Hence the anharmonic ratio of the roots not common to the four 


quadrics will be 

= —y (ad’—aA) : a (aA”—a'’) 

=y (a, 6, 7) (B, —a)’: # (a, B, vy) (B, —@)’. 

We now proceed to the transformed quantic itself. If we substitute 
in r=", Ue) ea as 
by means of the transformant 
ay =(a,B, 7) G1): @, 2, v) G7) =V:Y, 

we Shall obtain the result 


W= (a, 6, c) {(a, B, Y) ( n)”, (a, B, Y) 4 n)’}*, 
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and, if this be developed according to powers of é, n, we shall find 


v= (auns ola, ay is 
+4 (a, b, ¢) (a, a’) (B, 2) on 
+2{(4, b,c) (a, @) (7; 7) +2 (a, B, c) (B, 5°)*} Bn? 
+4 (a, b,c) (6, B) (v7) En 
+ (4, B, ¢) (y, ¥')’ nt’. 


It is proposed to calculate the invariants and covariants of W, and 
to express them in terms of those of U, V, V’. 


Writing We (240,040 0 eas, 
and putting 
(a, b, c) (B, B')? = B, (a, b) (B, 8) = By (2, c) (3, B) = B, 
ad +2bA’+ cA” = K, 


we have a = (a, b, c) (a, a’)’, 
b= Bat Bia’, 
c= B+4K, 


d= By+Biy, 
| e = (a, b,c) (yy’)”. 
Now ae =a? (A+/?)?+4b? (A+")(A’ +6?) +02 (A” +32)? 
+4ab (A+ B*)(A'+ Bp’) + 4be (A” + B”) (A+ 66’) 
+ 2ac { (A'+ 6B')?—2 (A+) (A” + B?)} 
{a (A+*) +28 (A’+ 66’) +e (A” +B?) }? 
—4 (ac—b*) {(A+B*)(A°+B") —(4'+8B)*} 
= (K+B)?—4D (AA”—A?+A6?—2A’8(' + A’B?) ;y 
—4bd = —4 { BY (A+?) +2B,Bi (A' +86’) + B? (A” +87)} 
= —A{ABi+2A’B,Bi+A”’B?+B"}; 
80 = = 8 B+ 2BK+1K’. 


Hence 
ae—4bd + 80? = 4K?4 4BK—4D (AA”—A?+AB?—2A’ Bp’ + A?) 
—4, (AB +2A’B,Bi+A”B?). 
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But  AB)+2A’B,Bi+ A” BY = A (a°B? + 2ad Bp’ +b°B”) 
+2’ (ab? + (ac+b?) 6B’ +bcB”) +A” (b°B? + 2b¢ 83’ +08”) 
= (aA + 2bA’+cA”) (a? + 20 BB’ + cB”) — (ac —b’)(A” B?— 2A’B 8’ + AB?) 
= BK—D (AB?—2A/Bp’ + A’B’). 
Hence ae—4bd+ 3c? = 4k°-—DO. 


We next come to the quarticovariant, which may be thus expressed : 


(ac—b’), 2(ad—be), ae+2bd—8c?, 2(be—cd), (ce—d) (é, n)4, 
Now 


ac—b? = (aa’+2baa’+ca”) (B+1K)— (Bia? + 2B, Biaa’ + Ba”) 
=D (ap 0B) +a Ka. 
Next ad—bc; this is 
= (aa? +2baa’ +ca”) (Byy + Biy’) — (Bya+ Bia’) (B+1K) 
= aB, (A+(’)a+aB; (2A’ + 265’—a’y) a 
+ 20B, (A +3?) a’ +20Bi (A” +8”) a 
+ cB, (2A°+268'—ay’) a’ +c¢By (AY +3”) a’ 
— EB TAT) eo BB a Ky) a; 
= aB, (A+ ") a+2aB; (A’+/30") a—aB, (A+(") a’ 
+ 20B, (A+?) a’ +20B; (4" +6") a 
4-2¢B, (A’ +’) a’ +cBi (A” +B”) a’—cB, (A” +6") a 
— Bi (B+1K)a— Bi (B+2K) 0’ 
= {aB, (A+ ") + 2aBy (A’ + 6") + 2bB; (A” +B”) 
—cB, (A” +8") —B, (B+ 3K)}a 
+ {—aB, (A+ f°) +2bB, (A+ *) + 2cB, (A’+ BP’) 
+ cBy (A” +B”) — By (B+ 3K)} a’. 


But OUR cB = BBL Dp, 
2bB,—aBi = bB,— Dp’. 
Hence aB, 3? +2aB BB’ +2bBi6B?—cB,B?—B,B 


= a(B,B+ Bip’) B+ BBP’ —DBB°—B,B 
= aBB+02'B—B,B = 0. 
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Hence the expression in question 

= {aB,A+2aByA’+bB, A” — DBA” —1KB,\ a 

+ {cB A” +2cB,A’+bB, A—Dp/A—1 KB} a’ 
= {(WA+2abA’+ A” — DA” —1 Ka) B 
+(abA + 2acd’ + bcA” — 2Kb) B’}a 
+{(bcA” +2acA’+ abA—1Kb) B 
+(7A”’ + 2bcA’+VA—DA—21 Ke) f’}a’ 

= 2 {(4aK—DA”) B+(30K+ DQ’) B’}a 

+2{1bK + DA’) B+ ck —DA) B }a’ 

= 2(4aK—DA”, 1bK+DA’, icK—DA) (a, a’) (6, 6’) 

=—2D {Aa’p’—A (uf +-a'B) + A’aB} +2Kb, 
or, finally, ad—be = —2D (af’—a’) (ya’—y'a) +2K). 

Next ae + 2bd — 3c? ; | 
here ae = (B+ K)’—DO—4D (Ap? —24’66'+ Ap’), 
2d = 2BK + 2B —2D (AB?—2A'BR' +A"), 
—3¢? = — 3B’—2BK—3E’. 

Hence 

ae+2bd—3c? = 2K?+2BK—DQO—6D (AB?— 2A)’ + AB’) 

= — 4D (AA”—A? + AB?— 24/2’ + AB?) + 20K 
= D{(ya' — ya)? +2 (as’—a’B)(By'— P’y)} +36cK. 

The remaining terms be—cd, ce—d’ are of course obtained by a mere 


interchange of letters; and, substituting the foregoing values, we find 


Quarticovariant = D|7’, —ni, ® 


Cee ram, 
a’, Ii Y 
= DQ?+1KW, 


>41KW 








where, as above, 2 is the Jacobian of V, V’. 


The next derivative which we have to calculate is the cubinvariant, 
ace—ad’—b’e+ 2bed —c’. 
This, multiplied by 3, may also be written thus : 
e (ac —b’) —2d (ad—be) +c (ae + 2bd—38c’) —2b (be —cd) +a (ceo—d’), 
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and, substituting herein the values found above, this expression will 
become 


=  e(ac—b’) (af’—a'f)? +itack 
4-24 (ae—B*) (a9’—a'B) (ya! —ya) —4bdK 
+ ¢ (ac—b’) {(ya'—y'a)?+ 2 (af’—a'B) (By —B'y)} + 2c? K 
+ 2b (ac—b*) (By —P'y) (ya — ya) —sbdk 
+ a (ac—b*) (By’—f’y)’ + jack 


= D(a, ¢, e, d, ¢, b) (A, B, C)*+3K ($K°—DD). 
But (a, c, e, d, c, b) (A, B, 0)? 
= (ad+bB+cC0) 4+ (bA+cB+dC) B+ (cA4+dB+e0) OC, 
and aA+bB+cC= (a, b,c) (a, a’)? A 
+ (a, b, c) (a, a’) (8, (’) B 
+ (a, b, c) (a, a) (y, y') C 
—3 {(a, 8, e)(a, a’) (7, 7) —@ 4, ¢)(B, B)"} C 


and, following the same process with the other terms, we should find 
that the whole expression 


Hence, finally, the cubinvariant in question 


The cubicovariant may be written thus : 


{a (ad—be) —2b (ac—b’) } ee 
+ {a (ae+2bd—8c?)—6c(ac—b*)} &n 
+{a(be—cd) — 2d (ac—b’)} fa? 
+{—d(ad—be)+b (be—cd)} iy8 
+{—e (ad—be)+2b (ce—d’} Bn! 


+{—e (ae+2bd—3c’) +6c (ce—d’)} & »° 
+{—e(be—cd) +2d (ce—d’) } n 
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Now, referring to former values ; 
a (ad — be) —2b (ac—b’) ’ 
= — aDBC+2abK —2bDC’?—2abK 
= — DC (aB+2b0), 
a (ae + 2bd—3c”) — 6c (ac—hb?) 
= aD (B°+2AC) + 2ack—6cDC?— 2ack 
= D{—a (4AC—B’) +60 (ad—c0)} 
= 6DC (aA—cC)-aDD, 
a (be—cd) —2d (ac —b’) 
= —aDAB+2adk—2dDC’ —2adKk 
= — D(aAB+2d0"), 
—d (ad—be) +b (be—cd) 
= Dd BO—2bdK—DbAB+2bdK 
= DB (d0—bA), 
—e (ad—be) + 2b (ce—d’) 
= DeBCU—2beK+2D bA’+2beK 
= D (eBC+2b4A’), 
—e (ae +-2bd—38c’*) + 6c (ce—d’) 
= — De (B’+2A0)—2ceK + 6cDA? + 2ceK 
= —6DA (eO—cA)+eDD, 
—e (be—cd) + 2d (ce—d’) 
= eDAB—2ceK+2dDA’+2cek 
= DA (eB+2dA4). 
But it will further be found that 
2b +aB = (P, Q, RB) (a, «)’, 
cO—ad = (P, Q, R) (a, a) (8B, 8) + 30K, 
240?+aAB = CO (P, Q, R) (8, BY—B(P, Q, B) (a, a) (8, 6); 
bA—d0 = —(P, Q, RB) (8, 8)’, 
2bA?+eBO =— A (P, Q, R)(G, BY°+B (PL, @ BB PV, Y); 
cA—eU = —(P, Q, F) (B, B) (y, Y) + 34K, 
2dA+eB = —(P, Q, R) (7, 7)’. 
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Hence the cubicovariant = — Dx 

C (P, Q, B) (a, a)’ o 
+ 60 (P, Q, RB) (a, a’) (6, B)+2C°K +a0 Bn 
+ 50(P, Q, B) (8, 8')’-5B (P, Q, B) (a, a) (B, 8) Ey’ 
—10B (P, Q, B) (@, py’ En? 
+ 5A(P, Q, B) (B, B')*2n*—-5B (P, Q, B)(B, B)(y, vy’) Bnt 
+ 64 (P, Q, B) (6, B) (y, ¥)-24’K—-eD Ex? 
+ A(?P, Q, B)(y, 7)’ n’. 


The expression contains terms divisible by Aé, Béy, Cn’ respectively, 
and also the terms 


(20K+aQ) &n—(2QA’K+eD) én’. 


Now, since 

Gs Q, it) (a, a’) (7; Y) alee Q, ht) (A, p°)’ —s 0, 
it follows that the coefficient of Of in the covariant may be written 
thus: 


{(P, Q RB) (a, «B42 (P, Q RB) (qa, «')(B, A’) en 
+(P, Q, B) (a, a) (y, ¥) 0°} ? 
+2{(P, Q RB) (6, 8) (a, ¢)2+2(B, Q, B)(B, BY En 
+(P, Q, B)(B, 2’) Cy, 7’) 0?} én 
+ {CP @, B) (vv) a) P+2 (P, Q, B)(y, 7) B, B) bn 
+(P, Q, B)(y, 7)? 0°} 0? 
+2 (P,Q, B) (a, @) (6, 2) &n—(®, Q, BR) (a, a’) Cy, y/) Pn? 
—4 (P, Q, B) (6,2) Cy, v1) én’ —(P, Q; B) (y, 7’)? 0! 
=(P,ARVVY-(B ADV)? 
+2 (P, Q, B)(a, «’)(B, 8’) &n—2 (P, Q, R) (B, B’) (y, ) En. 
Similarly the coefficient of Bén is 
=— (P,Q, B)(V, V)’—@, @ B) (8, BY VV) én 
+ (P, Q, B) (a, a’) S'—2 (P, Q, BR) (a, a’) (y, ¥) Pn’ + (P, Q, B)(y, 7) 0%, 
and that of An’ is 
= (P,Q, B)(V, VY—(2, Q, B) (a, a) (V, V’) 2 
+2 (P, Q, B) (y, v') (2, 8’) bn°—2 (P, Q, B) (a, a’) (B, 8’) Bn. 


Multiplying each of these results by their respective factors and 
adding the products together, the first terms give 


Q(P, Q, B)(V, Vy; 
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the second terms give 
(P, Q, R) (V, V’) (Aa+ BB+ Cy, Aa’+ BB+ Cy’) = 0; 
the third terms give 
(P, Q, B) (6, 6’) (Aa+ BB+ Cy, Aa’+ BB+ Cy’) = 0; 
and there remain the terms 
{20 (P, Q, RB) (a, «) (B, 8) + B(P, Q, B) (a, a’)? +20°K+aD } bn 
+{24 (P, Q, B)(B,P) (y, 7) + BP, Q, B) (y, 7)? 2.4’ K—eD f bn’. 
Now 20C(P, Q, B) (a, a’) (6, 2) +B (P, Q, RB) (a, a’)? +00 
= (P, Q, B) (a, «) (208 + Ba, 208'+ Ba) +00 
= 2(P, Q, RB) (a, a’) (a A—ad, a’ A’—a A”) +a0 
=2 xc. A .adA— a’A’+4a (AA”— A”) 
—2b 2A’. aA — aA” 
eh a. A” ; eA = adiNGs 


which, on being developed, will be found to be = —2KO*. Hence the 
terms in & and éy° will vanish, and the cubicovariant in question 


finally found tobe = — DQ (P, Q, R)(V, V)’. 
Recapitulating, we have, for the derivatives of W 

the Quadrinvariant, I= 4k’—DQ, 

the Quarticovariant, H = DQO+2KW, 

the Cubinvariant, J=7,K (8k’—3DD), 

the Cubicovariant, & = — DO (P,Q, R)(V,V)’; 


whence also for the Discriminant, we have 
P—277? = 1D0 (—32K'+33K°D0 —9DPD?’). 
If (P, Q, BR) (V, V’)’ be regarded as a quartic in é, n, then its 
Quadrinvariant = 4 (PA+2QA’+ RA”) —O(PR-Q’), 
which, since PA+2QA’+ RA’ = 0, is 


=—O (DO-K’); 
Quarticovariant = 0Q(DO—K°), 
Cubinvariant = (0; 
Cubicovariant =—0Q(DOQ—K”’)(P,, Q, B,)(V,V)’, 


VOL. XVIL—nNO, 243, M 
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where P,, Q,, R, are quantities formed with P, Q, I, in the same way 
as were P, Q, ft with a, b, c; viz., 


sey Aye a Be —2Q), ik \ 
| A; 244 AX 
and, on developing these expressions, it will be found that 
P,=2{-— a(AdA”’—A”) + (aA?+4+204'A" 4+ cA”) }, 
Q, = 2 {—2b (AA”— A”) —(aAA’ + 2bA? + cd'A’) }, 
R,=2{-— c(AA’—A”)+( ad? +20AA’+ cAd”)}; 
but ah? +2bN'A"+cA? = KA’—1ia0, 
add’+2bA" +cA’A"= KA, 
ad? +2bAN’ +cA? = KA —1cD; 
hence 7 fea ONG Ae. 
Q, = —2KA’ —bO, 
Rh,= 2KA —cO. 


But, on referring tothe expression for W given on p. 155, and 
replacing a, b, c by A”, —A’, A, respectively, it will be found that the 


coefficient of ge er 
by oe Bod, 
On = — (240+ B), 
Ey NEA 
yv=— A’, 


so that the whole coefficient of K is = — (C?— Béin+An’)’. Hence 
(Py, Q, R,)(V, V)' = — KQ-20 (P, @ R)(V, VY 
and the cubicovariant in question 
= 02 (DO — K’) (KO+20 (PiQ, ah) CV Vy. 
If the quartic W has a pair of equal roots, then ; 
[’—27J? = 0, and either O =0, or (32, —33, 9)(K?, Do)? =0. 


The condition O = 0 must, however, be excluded, since it implies 
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that V, V’ have a common factor; in which case the transformation 
ceases to be quadratic. For this factor may be divided out from the 
transformant, and the transformation then becomes linear. 


If it has two pairs of equal roots, then 
® = 0, and either OQ=0, or (P, Q, B)(V; V‘)? = 0. 
If it has three equal roots, 
Peed a and. tnen. lo — 0 el =. (), 
viz., we have here the excluded condition. 
If all the roots are equal, then 
EE te one 0 — UG nO: 


As regards the quartic (P, Q, R)(V, V’)’?, if DO -K’= 90, te., if 
_the two quadrics U, U’ have a common factor, then all the invariants 
and covariants vanish, and all the roots of the quartic in question 
become equal; viz., 


(Ba TCV Vaya Chen R EP Va V lb): 
= {(«/P+aV/R, BV P+h VR, y/P4+y VB) (, 0)’}. 
But the discriminant of the last form 
= PA+2QA’+ BA’ = 0, 
or we have V/P+V’ VB a perfect square, and hence the quantic 
= {V(a/Pt+a VR) E+ V(yVP +7 VR) nf 


We now proceed to the cubic 
Usa (anbyc, dae yy: 
which, if transformed by the same formula as was the quadratic, gives 
W = (a, b, ¢, d) (a+ 28in + yn’, a2 + 2f'En + yn") 
and if we represent this by 


(a, b, ¢, d, e, f, g) (4 n)"s 
mu 2 
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we shall have 
Bi Ge) (eel 
b = (a,...)(a, a)’ (B, 2), 
c= (4,...)(a,0°) (8,8) + $14 )(a,e')? (1,7) — ( (4,4) (B,8"}, 
d = (a,...) (8B, B® + ${(a, J (a, 1) (BP) v') — (a «) B, B)*S, 
€ = (4...) (%V)PPY +E Maa m7V—(a +) BBY (75; 
f£ = (a,...)(y, ¥)’ GB), 
Z= (4...) (% vy. 
Further, if we put 
h =(a, b, ¢, 2d) (Pp, 8)’, 
h, = (a, 6, ¢) (6, ')’, b=, ¢, d) (6, 8)’, 
h, = (a, b) (8B, 8), b= (0, ¢) (8,8), hi’ =(, d)(B, 8), 
adt+2bA’+cA” = K,, 
PATO pA Giid Nea 
(ac—b’) A+ (ad—bce) A’+(bd—c’) A” = K = LA+MA‘4+NA",; 
then a =-(a, b, c, d) (a, a)’, 
b= (h,, hy, hy’) (a, a)’, 
e = (bh, +34, hi+3h) (@ @), 
d=h+3 (K,8+ £18), 
e= (hb, +34, bi+3k)(y, v), 
f = (h,, hy, hy’) (y, y')’, 
g = (a, 6, ¢, d) (y, v')* 


The quadrinvariant 
ag — 6bf + lice —10d?, 


of this function is found to be 


= 2 {AK +20'K, Ki+A"K, —5K (AA”—A")}. 


Given the Quantic 


U= (a, b, ap 9; h) (2, Y; 2)” Sr iveseetaceer er eek 
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and V= (a, B, 7, A, lad) v) (, ) hy 


and like values of V’, V”, or, more briefly, say 


v= (a, kG n; ie v= (a’, soe) (8; n; aye V'= (a’, aol ”; haw 


then U may be transformed by the equations 


cS ee VP VaR Van retest Seite tt sipes 
The result is Wt crn) OV Ime ae ere, Serer eee, vee iy 


and, if we write for brevity 


(a)*= (a, ...) (a, a, a”)? 
(2) (6) = (4, «.) (a, a, a”) (B, BY, B’) 


then W = (a)? +(B)? nt +(y)? } 
+4 (B) (A) 09S +4 (7) A) n@ 
+4 (y)(u) EF +4 (a) (nH) CE 
+4 (a)(v) &n +4 (8) (») bn’ 
+2[(B)(y) +2()7] re 


+2[(y) (a) +2 ()?] CB seb eee eee eeeceens 


+2 [(a)(B) +2 (v)"] Py? 

+4[(a) (A) +2 (#) (»)] Ont 
+4 [(B) (4) +2 () (d)] Ene 
+4 [(y)(v) +2 (A) (H)] End?) 


eoO eee reo ae 
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(6), 


It is proposed to express the invariants, &c. of W in terms of those 
of U, V, V’, V”. If we write the above value of W in the following 


Pre aa Cn epee p a0.) tT) oelemn, 1) (cs 1; 6). 
we shall have BSW, Wey oh. eto ye 
3f = (6) (y) +2 A)’, 
3g = (y) (a) +2 (4)’, 
3h = (a) (6) +2 (%)’, 
pP=(8)Q), p=(y)Q), 
q=(y@), d=()(@), 
r=(a)(v), r=()(), 
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3l = (a) (A) +2 (x) ), 
3m = (6) (4) +2(¥) (A); 
: . 80 = (vy) (*)+2QA) (), 
and the quantities which we have first to calculate are 
A. = be+3f —4pp,, 
= cat+3g*—4aqq’, 
@ =ab+3h?—4rr’, 
JP =af+gh+2P —2rn—2q’m, 
G@ = be+hf +2m’—2pl —2r’n, 
iat = ch+fg + 2n* —2qm—2p'l, 
IL = 2fl1 —mn—gp—hp’+qr’, 
M = 2gm—nl —hq — fq’ +rp’, 
W = 2hn —lm —fr — er’ +p’, 
JP = 38nq’ —3le —ap’+qr, [P’ = 8mr—3lh —ap+q’’, 
@ =3lr’ —3mh—bq/+rp, Q’ = 3np—3mf—bq+r’p’, 
IR = 38mp’—38nf —er’+pq, JR’ = 3lq —3ng—cr+p‘q’. 


[Mem.—Comparing the notation of Salmon’s Higher Plane Curves 
with that used here, we have 


p=, p=a, P=B, P=C,, 
q=o, qgq=a, Q=C, Q’ = A,, 
r=a4, r=b, R=A, R= B,.] 


If we now put 
Bby—M=A, ya-w=B, aB—-’ =O, 
py—-ak =F, r—Bu=G, w-yv=G, 
and l¥—-N= AY, By’ + "7 -2NN" = AY 
aA+bd'+cA”+2fA'+2gA°+2hA" = A, wu 


al + bi" +ck” +2fF +2qF*+2hF™ = F, 


be—fP=A, ca—g=B8, ab—h’' =, 
gh—af=%, hf—bg=G, fg-—ch=9, 
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then 3. f\ = A?-3Y (A’A”— A”) —6§ (A.A —AA), 2B=..., 2C=..., 


—38 (A”A—A™)—66 (ANA — A’) 
—3¢ (AA’ —A™*)— 6D (A Aen GAS): 


$.6]F = BC+4F? £.6G=..3-6H =... 


—3% (BO"+B’O'— sue eeay 

—3%8 (B’C+ BO” —2B° 0" +4F’"F—4F™) 

—36 (BO’+ BO—2B’O" +4 FF’ —4F™) 

—6§ (BYO' +B" C—BO—BO+ 4F°F’—4FF ) 
—66 (BYO+BO'-—BO—BO+4F°F —4FF* ) 
—6 (BO + B°C—B’O" — BY 0" +4 FF’ —49"F"), 


3.19], = AF+8GH a ETON oe rN 


blo 


— 6Y (AF + Ar — 2A" + 9 GH’ + 9, G’ H’—4GH*) 


— 68 (A’F+AP’—24°F" 42G@’H+2GH’ —4G°H") 

— 66 (AP4+AF—24*F“ 4 2GH’+2GH-4G°H™), 

rae 128 CAS Tae + AF” aA. —A fF 9G’H* 
+2GH*—2GH —2GH) 

<a 12G CAPES + VAS = Ah ae AY F’ + y) GH 
a 9GH® Sail 9G H* Pecos 2G" H’) 

~— 12H (AF + mAs Ae — Ae he st Ave [ine +. 2, GH 
-— 2 GH’ aa 9 (fie 9 GH”) ' 


4p = 4BF— 6% (B/F’+B’F’-2B F), 3.4Q=...,2.4R=... 


— 68(B’F +B F’—2B F’) 

— 66 (BF +B F -2B‘F") 

—12% (BSF’+B°F’— BF —B PF) 

—126 (BY F + BF’— BF’ —B‘P) 
120 (EB) 4 Boke — B! = BYR’) 


8 4JP = 4CF— 64 (CF’+0'F-20F), 4.4Q'=..., 2.412”, 


— 68(0’F + CF”—20°F") 

— 66 (OF + OF —-20°F") 

—12F (OF*+0°R’—OF —CF) 
—126 (°F +0F’ —OF -CF) 
128 (E> LOY R* —OCF*— OP’). 


168 Mr. W. Spottiswoode on [Dec. 11, 






Again, the invariant (aAvt+oBt...) | 
=; (a, b, ©, fy 9s hs f, 9, h, 1, m, n, I, P Ps mq; ‘if- n, 1%, r) (A, B, C, 2F, 2G, 2H)’ | 


—3Y (a, b, ...) (4%, BY, C’, 2F, 26", 2H’) A", B’..) —.n. 
+8Y (a,b, ...) (AY BY Of 2F, 2G", 2H)? ae 
—68 (a, b, ...) (A, BY, ...) (A, BY, ..) =a 
+68 (a, b, ...) (A, B, ...) (4, By wn) ee 





To find whether a quadratic transformation be possible having the 
following property. 


Given #: y= (a,...) (& 7): (a, ...) (é ny = YY, 


and Gin = (a, ...) (a, y)?: (a, ...) (a, yo 
Then (ay—ae, Ppy—P'e, yy—y'x) (U, Uy? = 0, 
te, 0O= (ay—a’e) {aa + dabaty +2 (ac + 28°) ay? + dbewy® + cy! | 
+2 (By — (x) {aa‘a*+ 2 (ab! +a'b) ay + (ac + ac+Abb’) ay? +2 (be +¥’c) ay® + cc’y*} | 
+ (yy—y2) {aa + 4a’d’e8y +2 (ae + 207) a?y? + 40'c'ay + cy! | 
ie., 0O= | 
{= @Byy)(aa’y | 
{-4 («6 7')(a,0')(b, B) + (a,B, 7)(a, a’) jaty 
1-2 (a, BY, 7’) (a, a) (6, 0’) —4 (a’, 6’, ’)(b, 0’)? +4 (a, B, y) (a, a’) (b, b’) } aby? 
{—4 (a, 2, 7/)(b, V) (¢, ¢) + 2(4,6, 7) (4,a’)(¢,c’) +4(a,B,y) (,b')?} a%ys 
{= By 7) (ce) +4 (a, B, 7) (6, BY (6, ¢’) jay! 
{ + (4,8, y)(¢, ¢)? } 


If this is to hold good for all values of 2 : y, we must have 


0= 8, 7)(a, a’) 


0=4 (a, 8,7) (a,0’)(, v) — (4, P, v)(a, a’), 

O= 2 (a; BY), a’) (6,0) +4 (a8, 7)(b,0')°—4 (a, B, y)(a, a’) (b, B’), 

0=4(a, 8,7) (2, 0’) (6, ¢+) —2 (4, B, y)(a, a’) (¢, ¢') —4 (a, B, y) (2, VY’, 
9= 8,7) (6, ¢)? —4 (a, By) (b, YY (¢, ¢), 


om (a, B, y) (@,'c')’. 


) 
| 
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Whence, eliminating a’, (7, y’, a, B, y, we have 0 = 
te. 2aa’, ae : 
Aab, A(ab’+a‘b), 40d’, oe 2aa’, 
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a? 


ac+2b?, ac +a’c+4bb’, a’c’+2b", 2ab, 2(ab’+a’b), 2a’d’ 
2bc, 2(be'+b’c), 20'¢, ac+2b*, ac+ac+4bl’, a’c+2b” 
o. 2cc’, oe, Abe, A(beé'+0b’c), 4b’ 


ce 2c’, 


Writing 2a’ (col. 1)—a (col. 2) for col. 1, we obtain 


/ 
Cc? 


2a (1)—a (2)= 0 2a (3)—a (2) = 0 
—4aC Aa’C 
—4b0+aB Ab’ 0 —a'B 
—4cO—2aA 4c'O +2a’A 
2cB —2cB 
0 0. 
Similarly, 
2c (4)—c (5) = 0 2c (6)—c’ (5) = 0 
948 2a’B 
2c-0+4aA —2¢C0—4a’'A 
— cB+4bA CB-A4AvUA 
4cA —AcA 
0 0. 
Hence the whole determinant is 
=| +4a0, Aa’C, —2aB, —90/B 
+4b0— aB, 40'C— a’B, 2c0+4aA, +2c°C+40'A 
+4cC +2aA, 4c°C+20’A, — cB+4bA, — co B+40'A 
—2cB, —2cB, AcA, +4c'A 
Now taking columns 1 and 2, then the union formed from lines 
1,2= 4a0 Aa’ C =e GC, 
4bC—aB 4b’'C—a’B 
5 400 4a’C =— 16BC’, 


4c0+2aA 4c’°C0+2a’'A 
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14= 3420 4a’C BDDC, 
—2cB —2c'B 
 23= 4b0—aB 40°C—adB = 16A0°+8cbdAC—4caBC 
AcC+2aA 4c’O0+2a'A —8ab’AC +4ca’ BC 
= 8AC?+4B'C, 


2,4= 400-aB 40C—-avB =—8ABC—-2B*, 
—2cB —2c'B 


3,4= 400+2aA 4°C0+207A=> 4AB’, 
—2cB — 2c’ B, 


Similarly, taking the last two columns, 


1, 2’ =—2aB —2a’B ied: esa EP 


2c0+4aA 20°C +40’ A 
oe a —2aB = —2B°—8ABO, 
— cB+404 — cB4+40'A 
1, 4’ =—2aB —2a’B SOA Be 
4cA Ac’ A 
2,3 = 2¢C0+4aA4 20+4¢~A = 8A?0+4AB?, 
— cB+4bA — CB+40'A 
24=> %0+4aA 2¢°C+4aA =—16A°B, 
4c A Ac’ A 
3,4 =— cB+4dA — ¢&B+40'A = 1643, 
4cA Ac’ A, 


Hence, for the whole determinant, we have 
Ze 40a, elo OU 
—13.24=>—-16A?B°C?, 
+14.23'= 32AB°0 (BY+240), 
+23.14 = 324B°C (B’+2A0), 
—24.13° = — 4B? (B’+440)?, 
+34.12 = I16AB‘O. 


1884.] The Differential Hquations of Cylindrical Vortices. 171 
The sum of which, rejecting the common factor 4, is 


= 444°O8—4, 474°C? B?+4+2.440. B! 
+ . 474?O?. B?+2.4AC. Bt 
+ | 4254707. B 
— 424°0?. B—2.4A40. B'—B 
+ 4A0.B, 
= 44°CO®—3 47470". B?+3.440. BY— B® 
= (440—B?)*. . 
Hence the condition sought is 440—B? = 0; 1.e., the two quadrics 
U, U’ must have a common factor. Similarly, we should find that 


Y, Y' must have a common factor. In other words, throwing out this 
common factor in each case, we have 
E:n=wiw, 
Biy =wviur, 

ary=M+un: NE+p'n, 


E:n=let+my:le+my. 


The Differential Equations of Cylindrical and Annular Vortices. 
By M. J. M. Hitt, M.A., Professor of Mathematics at Uni- 
versity College, London. 


[Read January 8th, 1885.] 


ABSTRACT. 


I. Cylindrical Vortices. 
The current function A of the motion of a fluid in two dimensions 
being known to satisfy the equation 


(g dA ddA <.\ (<4 7) 


— 4 
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it is shown in this paper how to obtain the equation satisfied by , the 
molecular rotation. 
It is exhibited in the form 
dt 


ih a dt 
(B+ ae) [24 
dy 


(provided that ¢ be not constant throughout the fluid), where 
in the integral the expression in brackets is expressed as a function 
of z, Z, t by eliminating y by means of the expression for ¢ in terms 
of x, y, t supposed known; and the integration is performed with 
regard to a, treating ¢ and ¢ as constant, so that the integral is arbi- 
trary to the extent of a function of ¢ and ¢. 

Exhibited as an ordinary partial differential equation, this would 
be of the fourth order, but the form is interesting, because the integral 
represents the space passed over by an arc of the line ¢ = const., as 
might be expected from the fact that the integral is the current 
function, and the line = const. moves with the particles of the fluid. 

The study of the integral leads to a curious form for the equation 
of continuity which is given for motion in three dimensions thus :— 

Let A=const., w=const. y=const., be three surfaces always contain- 
ing the same particles. The motion of the fluid in the faces of the ele- 
ment of volume included between these three surfaces and the three 
consecutive surfaces A+6A, u+du, v+6yv is considered. From the fact 
that the volume is invariable, it follows that 


RR) +8(Z)=0 


=¢ 


aS 


where ANS 2, NS be 
ree He My Hs 
VZV, Vs 


o denotes differentiation when A, u, v, t are independent variables ; and 
the suffixes denote differentiation when wv, y, z, ¢ are independent 
variables. 

It is next shown that the equation in ¢ can be simplified provided 
that the lines ¢ = const. do not change their form. The result is 


(4 + a) F(t t) =C-420 


dee? dy? 
(provided that ¢ be not constant throughout the fluid), 


where F is an arbitrary function, and w the angular velocity of rota- 
tion of the lines ¢ = const. 
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II. Annular Vortices. 


If X = const. be the surface of an annular vortex, 7 the distance of 
a point from the straight axis, z the distance from some fixed plane 
perpendicular to the straight axis, then must 


ley a a? Lied NEVE 
LS+S-1 alain 
7 a r 2) ( y r, oy 


(excepting a particular case). 





If \ be of the form f (7 ==; Er? (e-2)), where Rf, Z are functions of 


t, so that if the aperture of the ring increases in any ratio, the breadth 
of the ring in the plane of the aperture increases in the same ratio, 
but the breadth of the ring parallel to the direction of the straight 
axis diminishes inversely as the square of the-ratio (including the 
case where the vortex is of invariable form), then the equation he- 


Ags dram Weed 


comes ata ;-— 4) F(A, t) =A 


(excepting a particular case). 


I. The Differential Equation of a Cylindrical Vortex. 


Let the normal section of the cylinders be taken as the plane of a, y ; 
let the motion be supposed to take place in this plane; let wu, v be the 
velocities parallel to the axes of coordinates at the point a, y at time tf. 
Let p be the pressure, p the density supposed constant, and V the 
potential of the impressed forces. 

The equations of motion are 


eu = = Eas 


ay da 
LOE Pe ORLY ee ee ae ) I 
dt Te aa dy dy an Agscdeer + Sok ae 
du , dv 
—+—=0 
dex nt d 
From these equations it follows that 
By F454) (ded) 
pay a Oar ee Gls} 
The third equation requires that there should exist a current func- 
tion A such that “= a y= — oA 


dy’ da’ 
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Substituting these values of u and v in (II.), it becomes 
Di SERN) (INS ON WI 
e Die tedaedy des ee ee TE sink Maes 
Thus the current function satisfies a differential equation of the 
third order. 
d 


If a single symbol ¢ be put for a _ sath the molecular rotation, so 


dx 
aA oA 
that uaa eT Sore Geren ro CED, 


then it is possible to eliminate A from (III.) and (1V.). 


For, let (IV.) be differentiated with regard to w and y separately ; 
and let (III.) be written 


dé, dAdZ_ dAdé _ 


dt dy dw du dy — 


? 


and then differentiated with regard to w once, y once, x twice, x and y 
each once, and y twice. 

In this manner there will be obtained altogether nine equations, 
containing ¢ and its differential coefficients as far as those of the third 


order; but the equations are linear in the nine quantities = “, 
Y 

ENE AEA ie Bae A ee Therefore as and “ ma 

da®’ da dy dy*’ dz’ dx dy’ da dy” dy* da dy y 


be found in terms of ¢ and its differential coefficients as far as those 


. d sdA ad (dA 
he th ? = 
of the third order. Then, since of bas aa =~) = Ta Us iF =); £ satisfies an 


equation of the fourth order. 
But an equation in ¢ of a more manageable form may be obtained 
thus: supposing A is not such as to make ¢ constant, treat 


ade a adhd dAdé _. 


dt dy dx dx dy ; 


as a partial differential equation to find A, as if &, e, : were 
known functions of x, y, t, and, denoting the differential coefficients of 


¢ by suffixes, the auxiliary system is 


da _ dy __ dA 


Tepe ay 


As there are no differential coefficients of A with regard to ¢, and 
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as each member of the auxiliary system = bade dy , 1t follows that 


¢ = const. is an integral of the system. To obtain a second integral, 
express y aS a function of a, Z, ¢, and substitute in the auxiliary 
system, then another integral is . 


a—| Se dx = const. 
oy 


The complete integral may then be expressed fully thus : 


A= | os o(#) 9G t), 


where 6 denotes differentiation with regard to the system of variables 


x, ¢,¢; and | ( st ) ¢ denotes that a is to be expressed as a func- 
iat 
tion of w, ¢, ¢ by elimination of y, and the result integrated with 


regard to x, treating ¢, t as constants. 


[The above form of A may be easily shown to satisfy the differential 
equation (III.), whether the process adopted in obtaining it has 
resulted in the most general integral or not, thus : 


dA _ an 8A dg 


da 6f dx’ 
ds adk 
dy of dy 


“dhdt dh dt atin att 
theref EEE ead ee eS es an aes eed ed 
5 eek dy. da to. dys dy du\ 5 dy. ¢, 


therefor j 2 —-— 2 = 
peer dt ‘dy du da dy ”’ 


which is (III.). | 
Substituting the value found for A in (IV.), 


(e+ ap) [|e (2) fF G9] =< 


Observing that the arbitrary function I’ (Z, ¢) is necessarily contained 
in the integral, the equation may be written more concisely 


(2+5) | % o (+) ¢ A LARA OE 
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(It should be remembered that this form has been obtained on the 
hypothesis that ¢ is not constant.) 

~The form of this equation is interesting. The lne ¢ = const. 
always contains the same particles of fluid. Suppose that at the time 
t the point 2, y is on it; and at time ¢+0¢ the point «, y+dy is on it, 


then ‘6 @; Y; t) = % (x, y+oy, t+ ot), 
therefore 0 = ¢,dy+¢,6t, 
ahh te 
therefore oy = — = ot. 
by 


If now S be the area included between a small portion e of the 
axis of x, the ordinates at its extremities, and the line ¢ = const. at 
time ¢; and if S+08 be the area at time t+ 0¢; then 


C; 
oS = —e Lot. 
S € 7 


y 


If ds be the small arc of the line ¢ = const. whose projection is e¢, 
and if the positive direction of the arc be such that the direction of 
motion of = const. is across it from left to right, then e = — oa, 


therefore rye as Se 62 Ot. 


y 


This. is the same as the flux of fluid across the line fixed in space 
with which ¢s coincides at time ¢, since = const. moves with 


the particles of fluid; therefore flux in unit time = St dy ; there- 


by 


fore the current function = | 2, where the integration must be 


by 
extended along the line ¢ = const., or, in the notation adopted above, 


xv 


the current function = | Oa ( +] cq 
oe 

This coincides with the result obtained by the method adopted for in- 
tegrating the partial differential equation (III.). | 

The same form might be obtained by considering the flux of fluid 
normal to the arc és, and, as there is no advantage in confining the 
discussion to motion in two dimensions, the question may be 
generalised thus :— 

Let }\ =const., w» = const., »= const. be three surfaces which 
always contain the same particles of fluid. Then the volume described 
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by an element of area 0S situated on A = const. in unit time 
= (normal velocity) 68S, 


__ Urd,+vrdA,+wr, 39 = —i,68 
JNtN+N VMTN EN 


and this may be expressed in any of the equivalent forms 


—, dy ez __ —A, dz du __ —A, du dy 


=—_ --__—_—- o_O —, 


Now consider the element of volume contained between the six 
surfaces A, pw, v, A+ 0A, p+du, vor. 


Then 6S (normal distance between A and \ +0) 
ON Om ov 


=) VOlMIN@ =i eee 
Ne KnX 


y z 


Pe Py Fs 


es Eps 


and (normal distance between A and A+ 0A) 
ee Gh are 
UNAM AN 
AND $DN Od 
whence oS = Macher hohe pe Pee OF: . 
othe Oe 


d 
y 


Bee Bye is 
Pe ee 
therefore volume described by 6S 

—),. op. ov 


Ae N ye Ns 


Me Py Fs 


VEY yee 


y 2 


If the determinant be replaced by A, and éS be made in succession 
the six faces of the element of volume, then, since the change in the 


volume is zero, 
a) R(t (2) = Omen 
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where 6 denotes differentiation when the independent variables are 


IN RCAF 
To verify this result, it will be reduced to a known form of the 


equation of continuity. 
The following equations are known to be true: 


to eo ro 

Lee ECTS 
dy = as SY 
d } O 0 
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But since A-HUA,+VA, HWA, = 0, 


Heb Ups toby t+ op, = O, 
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solving for wu, v, w, and substituting in the equation to be verified, it 


becomes (Stu Fra ae — it! <) *. hp 
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which is equivalent to what is called the integral equation of con- 
tinuity in Thomson and Tait’s “ Natural Philosophy,” Vol.1., Part 1., 
Section 192. 
Since the flux of fluid across that part of the surface \ = const., 


which is cut out by the surfaces p, v, wtou, vt+or, is Ate ey the 
investigation seems to point to the existence of functions analogous 
to the current function, one for each of the surfaces A, p, v. Calling 
them L, M, N, 
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The only property which the writer has succeeded in obtaining 
regarding them is that which follows from the new form of the equa- 
tion of continuity given in this paper. It is this: 
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Returning now to the equations in A and Z, they may both be very 
greatly simplified if the stream lines do not change their form during 
the motion. This is expressed by putting 


A=f(#,y’), 
where w= (#—X)cosw+(y—Y) sino, 


y = — (e—X) sinw+ (y—Y) cos», 
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where X, Y, w are functions of ¢ only. 
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if p= A+ at (o?+4+y2) +a’ (—X sin w+ Y cos w)—y’ (Xcosw + Y sin w). 


Therefore (IIL) becomes 
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Mogren ns to the or ae system of variables 
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or else £ = const., when the current function is to be obtained from 
(IV.). 

Exactly the same result would have been obtained if the investiga- 
tion had been based on the equation in ¢ in the form (V.). 


II. The Differential Equation of an Annular Vortex. 


Let the straight axis of the annular vortices be the axis of z, letr 
be the distance of any point from the straight axis, with regard to 
which the motion is supposed to be symmetrical. 

Let 7, w be the velocities in the directions of 7, z respectively ; then 
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Substituting in (II.’), it becomes - 
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Then (III.’) may be written 


therefore, supposing A is not such as to make A constant, it follows 
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remembering that the arbitrary function is contained in the integral. 


If the ring-shaped surfaces 4 = const., do not alter their form 
throughout the motion, \ =f (r—R, z—Z), where F is constant, and 
Z a function of the time only. In this case, 
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A somewhat more general case is obtained by taking 





L=f(=*, BG-D), 
where ft, Z are functions of ¢ This will give annular vortices of 
invariable volume, for, when the circular axis of the ring increases in 
any ratio, the breadth of the ring in the direction of r increases in the 
same ratio, whilst its breadth in the direction of z diminishes inversely 
as the square of the ratio; hence, by Guldinus’ theorem, the volume is 
unaltered. 
Put for brevity 
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In performing the integration, z is to be first expressed as a function 
of 7, A, ¢ by means of the equation 


r=f (=, BE-D), 





so that A, 7, ¢ are independent, and z the dependent variable. 
Differentiating with regard to 7, ; 
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Putting R = 0, this reduces to the case where the form of the vortex 
is invariable. 
Therefore the equation is 
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or else \=const., when the current function is to be obtained from 
CINE). 

Note.—Some particular cases have been fully worked out in a paper 
by the writer entitled, ‘“‘ On the motion of fluid part of which is moving 


rotationally and part irrotationally,” published in the Philosophical 
Transactions of the Royal Society, Part 11., 1884. 


February 12th, 1885. 
J. W. L. GLAISHER, Esq., F.R.S., President, in the Chair. 
Miss Emily Perrin, of Cheltenham Ladies’ College (late of Girton 


College), was elected a member, and Mr. J. Griffiths was admitted 
into the Society. 
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Mr. Tucker read the following papers :— 
Sur les figures semblablement variables: Prof. J. Neuberg, of 
Liege ; 
On the Extension of Ivory’s and Jacobi’s Distance-Correspon- 
dences for Quadric Surfaces: Prof. J. Larmor; and 
Some Properties of a Quadrilateral in a Circle the Rectangles 
under whose Opposite Sides are equal: Mr. Tucker. 
Messrs. Jenkins and S. Roberts spoke on the subject of Prof. 
Neuberg’s paper. 


The following presents were received :— 

Cabinet likeness of Mr. W. 8. B. Woolhouse, and two photographs of geometrical 
figures from Mr. Woolhouse. 

‘¢ Educational Times,” for February. 

<¢ Physical Society of London—Proceedings,’’ Vol. v1., Part 11., September to 
December, 1884. 

‘¢ Johns Hopkins University Circulars,’’ Vol. 1v., No. 36, January, 1885. 

‘‘ Report of the Superintendent of the United States Naval Observatory,’’ for the 
year ending October 30th, 1884, 8vo; Washington, 1884. 

“‘ Bulletin de la Société Mathématique de France,”’ Tome x11., No.5; Paris, 1884. 

‘‘ Atti della R. Accademia dei Lincei,’’ Serie quarta, Vol. 1., F. 1, 2, and 3; 
Roma, 1884, 1885. 

‘¢ Journal fiir die reine und angewandte Mathematik,’’ B. xcvu., H. 1; Berlin, 
1885. 

‘¢ Annales de l’Ecole Polytechnique de Delft,’’ 1'¢ liv., 4to ; Leide, 1884. 

‘¢ Bulletin des Sciences Mathématiques et Astronomiques,”’ T. rx., Jan.1885; Paris. 

‘¢ Beiblatter zu den Annalen der Physik und Chemie,” Bd.ix., St.1.; Leipzig, 1885. 

‘‘Tesis leida en el Examen professional de ingeniero gedgrafo,’’ por J. de 
Mendizabal Tamborrel, 8vo; Mexico, 1884. 

‘¢ Sitzungsberichte der physikalisch-medicinischen Societat zu Erlangen,’’ 16 Heft, 
Oktober 1882—Oktober 1884. 

‘¢ American Journal of Mathematics,’’ Vol. vi1., No. 2. 


Sur les figures semblablement variables. Par M. J. Nuusera, 
Professeur 4 |’ Université de Liége. 


[Read February 12th, 1885.] 


M. H. M. Taylor, dans les Proc. of the Lond. Math. Soc., Vol. xv., 
p. 122, a signalé des relations fort intéressantes entre les intersections 
d’un cercle avec les cotés d’un triangle. La présente Note a pour 
objet de préciser et de compléter ces relations en les rattachant 4 la 
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théorie des figures semblablement variables et 4 celle des podaires 
obliques d’un foyer d’une conique. 


1. Soit aSy un triangle variable sous les conditions de rester con- 
stant de forme et inscrit au triangle fixe ABC. Iles cercles circon- 
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scrits aux triangles ABy, Bya, CaB se coupent en un méme point F, 

tel que PFy=x7—A, yFa=r—B, aFB=7-O, 

BFO = BFa+OFa = Byat+Cfpa = r—B-—Bay+x—-—C—CapB= Arta, 
AFC = B+B, AFB=C+y. 


Ces égalités montrent que le point I’ est fixe par rapport au triangle 
donné ABC et par rapport au triangle mobile afy. 

Done, lorsqu’un triangle ay reste semblable a lur-méme et inscrit a un 
triangle fixe ABC, il existe un point du triangle mobile qui est fixe; ce 
point est celui d’ow Von voit les cdtés de apy sous des angles supplémentatres 
de ceux de ABC, et les cétés de ABC sous des angles respectivement éqgaua 
aux sommes des angles correspondants des deux triangles.* 


2. Menons FM, FN, FP perpendiculaires 4 BC, CA, AB. Le tri- 





* Voir Nowvelles Annales, t. xvut., p. 48; Nouvelle Correspondance, t. v1., pp. 65, 
72, 219, 321; Mathesis, t. 1., p. 106, 


186 M. J. Neuberg sur [Feb. 12, 


angle MNP est une position particuliére de aBy; c'est le minimum 
de apy. 

Soit 0 Vangle aFM = 6FN=yFP. Sil’on fait tourner le systéme 
des trois droites FM, FN, FP autour de F de langle 6 et qu’on 
prenne les intersections avec BC, CA, AB, on aura les sommets du 
triangle apy. 

Plus généralement, étant tracées une figure S dans le plan MNP et 
la figure semblable o dans le plan ay, on transforme S en o en faisant 
tourner S de l’angle 6 autour de F et en modifiant les distances des 
points de S au point F' dans le rapport cos@: 1. 

Autrement dit, on passe de S a o en construisant, sur les droites 
joignant F' aux différents points de S, des triangles rectangles sem- 
blables ayant en F' le méme angle 0. 

De la résulte que, si D et d sont deux points homologues par rapport 
& MNP et ay, le triangle dF'D est semblable 4 afM. Donc tout 
point du plan mobile MNP décrit une droite. En particulier, si D 
est le centre du cercle MNP, le centre d du cercle aGy décrit une 
droite perpendiculaire 4 FD. 

F est un centre permanent de similitude du triangle mobile aGy. 

Deux lignes homologues quelconques des figures S et o sont dans 
le rapport cos 6: 1. 


3. On sait qu’une tangente quelconque a une parabole, limitée a 
deux tangentes fixes, est vue du foyer sous un angle supplémentaire 
de celui des tangentes fixes; la réciproque de ce théoréme est égale- 
ment vraie. Si on applique cette proposition aux angles MF'N, NFP, 
PFM tournant autour de F, on voit que les cétés By, ya, af du triangle 
mobile aby enveloppent trois paraboles touchant deuw cétés du triangle 
ABC et ayant pour foyer commun le pot IF; les sommets de ces 
courbes sont les projections de /’ sur les lignes NP, PM, MN. 

Plus généralement, toute droite de la figure S enveloppe une para- 
bole de foyer F’; car deux points de cette droite décrivent des droites 
(2°), et la distance de ces points est vue de F’ sous un angle constant. 


4. Le cercle MNP rencontre les cotés de ABC en trois nouveaux 
points M’, N’, P’, qui sont les projections du point F” symétrique de 
F par rapport au centre D. Les points fF, F sont les foyers d’une 
conique U inscrite au triangle ABC; le cercle MNP est la podaire de 
Fet F’ par rapport 4 U, le diamétre HFH’ du cercle est un axe de U; 
le second axe de U est dirigé suivant la droite Dd. 

Soient a’, 33’, y’ les intersections de BC, CA, AB avec le cercle aPy. 
Le triangle «a’B’y’ reste toujours semblable 4 lui-méme, lorsque le tri- 
angle ajy est constant de forme, car on a 


ate’= B+0, B+h'=C+A, yty’ = A+B, 
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a, >, etc. désignant les angles des triangles aPy, a’B’y’. Il est in- 
téressant d’observer que 


BFO=at+A=r—c', CFA=27-(', AFB=7-y, 
BFO=a+A=x-a, OF'A=7—-f, AF B=7-y. 


F” est le centre permanent de similitude du triangle a’B’y’. 


Le cercle MNP est le lieu des projections des points I’, Ff” sur les 
tangentes 4 la conique U (podaire de F'et fF’). Si l’on méne par F des 
droites faisant dans le méme sens avec les tangentes 4 U langle $r—0, 
le lieu des extrémités de ces droites sera le cercle aby, dont le centre 
d est sur le second axe de U; Vangle dFD=0. Mais langle 
dFD =dF’D; donc le méme cercle afPya’h’y’ est aussi le lieu des 
projections de #” sur les tangentes a U, les projetantes faisant avec 
ces tangentes l’angle $7 —9. . 

On peut énoncer autrement ces résultats: Sz les triangles aBy, a’B’y’ 
tournent respectivement autour de F' et EF” avec la méme vitesse angulaire, 
mais en sens contraire, leurs sommets sont toujours sur wre méme circon- 
férence. 


5. Le cercle aBya’i’y a pour diamétres les droites II’, KK’, qui 
passent par les foyers I’, fF” et sont limitées aux tangentes menées par 
les sommets H, H’ de l’ellipse U. 

Je dis que ce cercle touche Vellipse U. En effet, soit dQ l’une des 
normales menées de d a U; cette droite est la bissectrice de l’angle 
FQF’, et la perpendiculaire ff’ 4 dQ par le point Q est tangente a U. 
La circonférence circonscrite au triangle Q/'F” passe nécessairement 
par d; car les ignes dQ et dD passent toutes deux par le milieu de 
Vare sous-tendu par la corde FF” de ce cercle. Il en résulte que 


FQf = FaD = ame F’Qf = F’dD = ees 


donc Q est la projection de F ou F” sur ff’, les projetantes faisant 
Vangle 7 —6 avec ff’; par suite Q est un point du cercle aBy. 
D’aprés cela, la conique U est Venveloppe du cercle afsya’B’y’. 
6. Examinons maintenant deux cas particuliers remarquables. 
I. Lorsque een Va by ey SN ec 
ona a=ar—-2A, BP =xr—-2B, yY = r—20, 
BFC =a+A= 2A, BF’C=a+A=7-A, ete. 


Le point F' est le centre du cercle circonscrit 4 ABC et le point de 
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concours des hauteurs de ay; F” est le point de concours des hauteurs 
de ABC et le centre du cercle inscrit 4 a’B’y’. Le cercle MNP est 
celui des neuf points de ABC. 


II. Supposons pasip: (0, sec al 
alors ai ee) ae ey a 
BFC =a+A=B+A=7-0, BFC=a'+A=7-B, ete, 


F et F” sont les points de Brocard de ABC; les points de contact de 
U avec BO, CA, AB sont les pieds des symédianes de ABC. F' est 
aussi un point de Brocard de aBy, F’ un point de Brocard de a’‘’y’ 


7. Soient A’B’C’ le triangle formé par les droites af’, By’, ya’, et 
A” B’C” le triangle formé par les droites ay’, Ba’, yB’. M. Taylor a 
démontré que les directions des cétés de ces triangles sont constantes, 
et que ces triangles ont, avec ABC, un méme centre d’homologie O. 

Les distances de O aux cédtés de ABC sont inversement propor- 
tionnelles aux produits 


e e , e . QV e ° , 
Sinasina’, sinfsinpf’, sinysiny’. 


Les droites AO, BO, CO rencontrent BOC, CA, AB aux points de 
contact de U; car on trouve ces points en faisant coincider a avec a’, 
PB avec [', yavec y’. 


Lorsque eps ey —— (OE Sm eck 


O est le centre des symédianes de ABC; les cétés de A’B’O" sont 
paralléles 4 ceux de ABC; les cétés de A" BO" sont paralléles aux 
tangentes menées par A, B, CO au cercle ABC. 


Lorsque eaiale geal abs 


et que M,, M,, M., H,, H,, H. sont les milieux des cdtés et les pieds 
des hauteurs du triangle ABC, les cétés du triangle A’B’C’ sont 
paralléles aux droites M,H., M,H,, M,H,, et ceux de A’ B’C” sont 
paralléles aux droites M,.H,, M,H,, M,H,. es distances du point O 
aux cotés du triangle ABC sont inversement proportionnelles aux 
produits sin A sin 24, sin B sin2B, sin C sin2C. La ligne AO et le 
rayon du cercle ABC qui passe par A rencontrent BC a des distances 
égales de M,, etc. 

Si les triangles A’B’O’ ou A’ BC” se réduisent ace point O, on a le 
théoréme suivant: Par le point O, on méne trois droites paralléles a 
M,H., M,H,, M,H, (ou a M,.H,, M,H., M,H,); les points d’intersec- 
tion de ces droites avec les cétés du triangle ABC sont situés, six 
sur une circonférence et trois sur une droite, 
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On the Extension of Ivory’s and Jacobi’s Distance-Correspondences 
for Quadric Surfaces. By J. Larmor. 


Read February 12th, 1885. 
[ y ; 


1. The theorem of Ivory for confocal quadrics,—that, if P, Q be two 
points on a quadric and P’, Q the corresponding points on a confocal, 
then PQ’= P’Q,—is of a fundamental character in a general theory of 
distance relations. 

The correspondence between P and P’ is determined by their lying 
on the same orthogonal trajectory of the system of confocals, which is 
of course a curve of intersection of two confocals of the other species. 
The correspondence is linear, each principal coordinate being 
proportional to the related semi-axis of its surface. 

By means of the theorem, Ivory established his very general result 
relating to the attractions of solids bounded by quadric surfaces, 
which is true, as Poisson pointed out, for all laws of attraction depend- 
ing only on the distance. 

Jacobi’s focal relation, which affirms that a quadric may be specified 
as the locus of a point whose distances from any three points on a 
focal conic are respectively equal to the distances of any arbitrary 
point ina plane from three fixed points in that plane, also flows at 
once from Ivory’s theorem (cf. Salmon’s Geometry of Three Dimensions). 
But it is important to remark that the proposition requires equality in 
the corresponding distances. If, as we sometimes find, it is only 
postulated that the same relations exist between the one set of dis- 
tances as between the other set, 7.e., if only proportionality is required, 
there is no longer any locus. ‘To obtain a locus, the comparison must 
then be instituted between four pairs of distances, as in the investi- 
gation given below. 

Confocal hyperboloids of one sheet may be considered as generated 
by two systems of mutually intersecting straight lines. On different 
confocals these lines clearly correspond to one another, as also do their 
points of intersection; and their corresponding segments are equal. 
So that in fact, if the lines were two systems of jointed rods, they could 
be deformed into a confocal without straining.* Now, if we take 
ABCD a quadrilateral on the surface of a hyperboloid, and A’B’O’D’ 


* The relations of this system, and of the corresponding system of three 
dimensions, which proves to be also flexible, are worked out in a paper in the Pro- 
ceedings of the Cambridge Philosophical Society, 1884, Vol. v., Part.2. 
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the corresponding one on a confocal, we see that corresponding sides 
are equal, and that there are also six relations of the form AB’= A’B, 
AO’= A’C, and so on. Thus we have a prismoidal figure bounded by 
gauche quadrilateral faces such that the corresponding sides of two oppo- 
site faces are equal, and the diagonals of any of the six faces or diagonal 
sections connecting them are also equal: it is easy to trace out in this 
way its relations, and also to see that any further relation of equality 
would make it a regular prism. 

Again, we may apply Ivory’s theorem to the focal ellipse and hyper- 
bola of the confocal system: we thus come directly to the result that 
the distances of a variable point on either of these curves from any 
two fixed points on the other are equal to the distances of a variable 
point on a straight line from any two fixed points on that line. This 
is Dupin’s theorem that each of these conics is the locus of the foci in 
space of the other, and that any two points on the locus possess the 
focal property. 

These examples illustrate the fundamental character of the 
theorem. The subject is, however, still treated as a special pro- 
perty of confocal quadrics, rather than as a part of a theory of dis- 
tances in general. The object of this paper is to discuss the question 
from the latter point of view.* It will be shown that a similar theory 
applies to a system of confocal cyclides. But it will also be seen that 
these are the only systems of surfaces for which such relations are 
true. * 


2. Let 2, 3, 4 represent fixed points, and 1 any point in their plane, 
and let 23 represent the distance between 2 and 3; the relation 
satisfied by the distances of 1 from 2, 3, 41s well known and easily 


* Sections 7 (a) and 9 (a) have been added since the paper was read. It was not, 
however, until it had been completed, that I was able to see Darboux’s Memoir 
‘‘Sur les Théorémes d’Ivory, relatifs aux surfaces homofocales du second degré,”’ 
Mémoires de Bordeaux, 'T. vut., pp. 197—280. In this paper, Jacobi’s transformation 
is discussed and applied in an elegant and elaborate manner ; so that the statement 
made above must be limited. Much of the results of the discussion given here is to 
be found in this Memoir, but the methods followed in it are usually different, and 
sometimes more analytical and special. On the other hand, some of the results given 
in this paper, such as (4), (10) and (11), lend themselves easily to an extension of 
Darboux’s theory. Of the problem of §8, a posthumous solution of Jacobi’s for the 
case of conics has, it appears, been published by Hermes, and Darboux gives two 
solutions for the general case of quadrics. These are both different from the one 
indicated in §8, which possesses the advantage that it can be at once extended to the 
case of cyclides, 

M. Darboux considers also the generalization of the theory, in which the square of 
the distance of the point in question from a fixed point is replaced by the square of 
the length of the tangent drawn from it to a fixed sphere, 7.e., by the power of the 
sphere. It may be remarked that all that is given here may be at once extended to 
that case by making use of the well-known relations between the lengths of such 
tangents, which are identical in form with (2) and (38) (Salmon’s. Conic. Sections, 
§132a, Ex. 4),.and of the other similar relation which corresponds to (4). 
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found, and is 

3, 127. 24? 41? = 3%, 34? (12?. 347-137. 247-14? . 237)... Guy 
We may invert this relation with respect to a point 6; this is done by 


ne ; and the result is 


3, 12°. 247, 417. 63! = 3, 61. 622. 342 (122, 342-13”, 242-147. 23%)... (2). 


writing for 12 say, the expression 


We have here a relation connecting the ratios of the distances of any 
point 6 on a plane from four fixed points 1, 2, 3, 4 on the plane. 

If we take the centre of inversion 6 to be out of the original plane, 
we see that the same relation is true also when the five points are on 
the surface of a sphere. 


3. This relation between the ratios of the distances of a point in a 
plane from four fixed points in the plane, as well as the corresponding 
theorem in space for five points, also flows readily from Prof. Cayley’s 
method of multiplication of matrices (Salmon, Higher Algebra, Ch. IL., 
Ex. 7,8). Thus, if x,y,z, be the coordinates of the point r, and if 
the point 6 be the origin, and we write down the arrays 


—2¢, —2y, —2z, 61 
2, —2Qy, —2e, 62? 
—2x, —2Qy, —2z, 63° 


Oe ee, 1 
1 
i 
1 —2e, —2y, —22, 64? 
il 
0 


1 
Sen Eee ite a) 
BEE an my tias. aa) 
64° 2, “yy, % 1 
1 —2u, —2y, —22, 65° 

0 0 0 W) 1 


65°) 7, “4, 2, 
1 Oe A 30 


their product is zero, as each has one row more than the number of 
columns ; therefore, by the ordinary rule, we have, as Prof. Cayley 
found, Nw wah cA oe aes CURR ta Sent | 
Da ene ocd eo ae | 
ey Atjaoo 41 
es ts iat henna ak COP 
Al? 42? 437 0 45° 1 
AES tye Basse Gabe Mo a 
1 1 1 digi’ dteianad) 


which is Prof. Cayley’s form of Carnot’s relation connecting the dis- 


tances of five points in space. 
But if we invert the order of the last rows of the matrices, so that 
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the units may appear at the other ends, the product gives 

GY, 127s a1 32d 4°ee lp el OF 

PRAM UTM PPLE Aah Aa 

Ble 32° 30 984 307530; 

41? 42? 43? QO 45? 46? 

ol? 52? 538? 54 0 56? 

61? 62? 63° 64 65° 0 
which is the relation connecting the ratios of the distances of a 
variable point, say 6, in space from the other five points,—for it is 
homogeneous in those distances. 

We have seen that it may be deduced from the previous relation by 
inversion ; which is also evident from the present form of expression. 

The recon written out at length in § 2, being those connecting 
the mutual distances of four points in a plane, and connecting the 
ratios of the distances of a variable point in a plane from four fixed 
points in it, are obtained at once as above by omitting in the arrays 
the rows and: columns which contain the third dimension z, and the 
fifth point 5; they are the same determinants as (8) and (4), with a 
row and column omitted. But to obtain the latter relation, (2), for 
points on a sphere, the z terms must be retained, and each array be- 
comes an ordinary determinant, with an equal number of rows and 
columns ; it is, however, equal to zero, as the condition that the points 
1, 2, 3, 4 lie on a sphere passing through the origin 6. 

4. Jacobi’s theorem follows, as usual, from (1). If lI’ be a point 
whose distances from fixed points 2’, 3’, 4’ are respectively equal to 
the distances of a point 1 in a plane from fixed points 2, 3, 4 in the 
same plane, the locus of 1’ is obtained by substituting 1/2’, 13’, 14 
for 12, 13, 14 in (1): it is a quadric surface. 

Now in the same manner may be investigated the locus of a point 
1’ whose distances from any four fixed points 2’, 3’, 4’, 5° are respec- 
tively equal to the distances of some point 1 in space from four other 
fixed points 2, 3, 4, 5.. This is obtained by substituting in (8) the 
distances 1’2’, 1’3’, 1’4, 15’, instead of 12, 18, 14, 15 in the first row 
and first column of the determinant, and is 

D Pw 2h lore ule. 
alee) 237 24? = 25? 
Be el 2 RPA! SY) 347 35° 


1 
1 
1 

For Ty ek eee 
1 
0 





DP eee pipe sea 20 
1 1 1 | 1 
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The locus is clearly a quadric surface; for, when expressed in 
Cartesian coordinates, v’7+y’+z2* is common to each member of the 
first row and column, and therefore its coefficient in the expanded 
determinant is a constant, viz., the corresponding minor with sign 
changed. 
But the point 1, with which the correspondence is established, is 
also confined to a locus in space, which is the quadric 
Oi) A A ST iaSig ARE Die aed | 
Digits Mieke, ome Aan oe | 
GIRO yuo ero) rel 
ATet A ees eee a eT 
BEES See Se le We al 
1 1 1 1 1 Ons 





Now we may take any four points on the quadric locus of 1’, and 
the four related points on the quadric locus of 1, and determine the 
corresponding foci for them. These loci will be quadrics, and they 
will, by hypothesis, pass through 2’, 3’, 4°, 5° and 2, 3, 4, 5 respec- 
tively. We have thus found two pairs of quadrics so related that the 
distance between any two points on the first pair (one on each) is 
equal to the distance between the corresponding points on the other 
pair. 

It remains to show that these pairs of quadrics are equal, and may 
be superposed. We can transfer the points 2, 3, 4, 5 considered as a 
rigid system into such position that the six relations of the form 
23° = 2'3 are satisfied; for every rigid system possesses six degrees of 
freedom, which may be accommodated to these conditions. When the 
points are in this new position, the locus of 1 passes through 2’, 3, 4, 
5’, and that of 1’ through 2, 3, 4,5, and these points correspond to 
one another. The considerations just given then show that these two 
loci are so related that Ivory’s theorem holds, and that they are the 
only class of surfaces which possess this property. 


5. Again, the locus of a point 1’ in a plane whose distances from 
three fixed points 2’, 3’, 4’ on a line in that plane are proportional to 
the distances of a variable point 1 on a line from fixed points 2, 3, 4 
on that line, is a circular cubic with 2’, 3’, 4° as foci. For the relation 
between the ratios of the distances of 1 from 2, 3, 4, is 


Be Al 34 S21 FSA SLO 1s .c ce vewameean( 0D) 
and therefore the equation of the locus is 
25 416-494 2142S)! ae 0. ssesscrvensreserier (3); 
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The relation (5) is unaltered by inversion; it becomes Ptolemy’s 
theorem for a circle. Hence the locus of a point whose distances 
from three points are proportional to the distances of a variable point 
on a circle from three fixed points on it, is a bicircular quartic with 
those points as foci. But this need not be pursued, as it 1s a case of 
what follows. 


6. The locus of a point 1’ whose distances from four fixed points 
2’, 3, 4, 5’ are respectively proportional to the distances of a point 1 
on a plane (or sphere) from four fixed points 2, 3, 4, 5 on that plane 
(or sphere), may be determined similarly by aid of (2), or, whatis the 
same, of the relation in a plane which corresponds to (4) in space. 
Its equation is . 

Oe ES ase 4 ie 

al dievecte vate Pay uae 

om Lae OA ste aie ON eee ae eee 
Ae AZ 143) eOe VAS: 

Dil 2: ep come Ose Seen) 





When expressed in Cartesian coordinates, the only terms which con- 
tain the running coordinates are those of the first row and column, 
each of which is of the form #+y?+2?+terms of lower orders. The 
locus is usually a surface of the fourth order, and, as the imaginary 
circle at infinity is a nodal curve on the locus, it is a cyclide. Buta 
reduction takes place when the points 2, 3, 4, 5 lie in a plane; for the 
coefficient of (#+y?+2’)’, being the minor determinant formed by 
omitting the first row and column, is then zero by (3), and the locus 
is a cyclide of the third order. 

Again, the locus of a point 1’ whose distances from five fixed points 
2’, 3’, 4’, 5’, 6 in space are respectively proportional to the distances 
of a variable point 1 in space from five other points 2, 3, 4, 5, 6, is 
determined by aid of (4), and its equation is 


O 12%. 18? 1/4? 157 1/6? 
12 0 23? 24? «85? 26? 
317 397 0 347 35? 36? 
41? 49? «437 0 45? 46? 
| 51? 52? 58? 54? 0? 
6/1? 62? 63? 64? 65? 0 





The locus.is. therefore a cyclide, and it is of the third order; for the 
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coeflicient of the terms of the fourth order, viz., of (#’+y?+27)?, is the 
determinant which, by (3), is identically zero. And, as for quadrics 
in § 4, the point 1 with which the correspondence is determined must 
also lie on a related cyclide of the third order, whose equation is 


Cee losnaet tay e148 fe Lee 3hG? 
Ble On a2 oe ai eh? 26? 
Se ee ane) Ae se a} Oc 
Al’ 427.437 0 45% 4/6? 
Dis eer meo Ae yay Ole 10. OF 
GEO 27 OB O46 pe OU 


We may say that the distances of any point P’ on the first cyclide 
from 2’, 3’, 4’, 5’, 6 are to the distances of the corresponding point P 
on the second cyclide from 2, 3, 4, 5, 6, as ¢ (P’) to ¢ (P), where ¢ (P) 
is a function of the position of P. 

Now, if we take any five points on the first cyclide, and their related 
points on the other one, and find the corresponding loci for them, we 
arrive at a second pair of cyclides of the third order, which pass, by 
hypothesis, through 2’, 3’, 4, 5’, 6’ and 2, 3, 4, 5, 6 respectively. We 
thus obtain two pairs of cyclides, such that, if P, Q are points on the 
first pair (one on each), and P’, Q the corresponding points on the 
second pair, 

Bebe aL Re We ag ed ET pions Go (12). 
o(P) ¢(Q) oC) 6@) 


This result points to a further generalization. Instead of taking 
distances from corresponding fixed points proportional, we may take 
each distance in the first diagram proportional to a definite multiple 
of the corresponding distance in the second diagram. This will in- 
troduce constant multipliers into the first row and column of the 
determinants of (10), (11). The loci will still be cyclides, but of the 
fourth order, and the same reasoning as above shows that the relation 
(12) also holds for a system of this kind. 


7. Now, considering the two pairs of cyclides, we can transfer the 
points 2, 3, 4, 5, 6, taken as a rigid system, into such position that the 
distances of any one of them from 2’, 3’, 4’, 5’, 6° are respectively 
proportional to the corresponding multiples of the distances of the 
related points from 2, 3, 4, 5,6; for proportionality of distances from 
five points involves the same number of conditions as equality of dis- 
tances from four points, and these conditions can therefore be satisfied 
by means of six degrees of freedom. It follows then, as for quadrics 


o 2 
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in §4, that the two pairs of cyclides coincide; and we have this 
generalization of Ivory’s theorem, that if P, Q be points on one, and 
P’, Q the corresponding points on the other cyclide, 


ROU Eww 
o(P)e(@’) o(P)g(@) 

[7a. Starting from a given cyclide, it is evidently possible to 
form a whole series of related cyclides which shall possess this 
property with respect to the former ; and we can draw surfaces of the 
series which shall be very close and consecutive to the original one, 
for, when the two surfaces coincide, the relation becomes an identity. 
Now take points 2, 3, 4, 5...on one surface indefinitely near one another, 
and their corresponding points 2’, 3’, 4’, 5’... on the consecutive sur- 
face: for our purpose we may suppose them to lie in two correspond- — 
ing tangent planes, and we may suppose these planes parallel, for we 
thereby neglect only small quantities of the second order. For these 
points, the denominators in the relation (12) are equal to the first 
order of small quantities, and therefore the diagonal distances between 
pairs of corresponding points are equal, 7.e., 23’= 2’3, and so on, so 
that the question is reduced to Ivory’s case. Further, these two 
systems of points are homographically situated in the two parallel 
tangent planes. Now it is clear that, under these circumstances, the 
distance-equalities can only be satisfied if the lines joining correspond- 
ing points are normal to the planes, and therefore perpendicular to 
the surfaces. 

No direct method of showing that these cyclides are related to one 
another as well as to the original cyclide presents itself; but it will be 
seen in other ways that this is true. Assuming it for the present, we 
can take a further step. For corresponding points lie on the curves, 
which, as has been seen, are the orthogonal trajectories of the system 
of surfaces. But these curves themselves are loci for which the 
relation (12) is true, for that relation may be interpreted to mean 
either that P and P’, Q and Q correspond, or else that P and Q, 
FP’ and Q’ correspond. Now, as we have seen that all such loci are in- 
cluded in a system of surfaces, viz., cyclides, it follows that this con- 
gruence of orthogonal trajectories will make up a system of cyclides, 
which are normal to the former system. And there must clearly also 
be a third such system on which the curves lie; this follows by con- 
siderations of symmetry, or by considering as above the orthogonal 
trajectories of the second system of surfaces. The three systems of 
cyclides intersect everywhere at right angles, and therefore along 
lines of curvature on each ; which is known to be a property of con- 
focal surfaces. 
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The truth of the relation (12) for a system of confocal cyclides might 
also be inferred from the examples in the following sections (see §10), 
but I find that Darboux has already deduced this very result from the 
analytical theory of a confocal system, as the analogue of Ivory’s 
theorem. (Sur une Classe remarquable de Oourbes et de Surfaces, 
Note xvi.) 

If now we show that through the points 2, 3, 4, 5 and 2’, 3’, 4’, 5’ 
respectively there can always be drawn two quadrics which, when 
properly placed, are confocal with these points in correspondence, and 
that through the points 2, 3, 4, 5, 6 and 2’, 38’, 4’, 5’, 6’ respectively, 
there can always be drawn cyclides which, when properly placed, are 
confocal with these points in correspondence, it will follow that all the 
relations here investigated are confined to these classes of surfaces. 
This can be proved by counting the disposable constants. 

Kach quadric can satisfy 9 conditions, while the conditions of con- 
focality absorb 2, the conditions that four points are on one quadric 
absorb 4 more, and the conditions that the other four points are in 
corresponding positions absorb 3x4 more,—making up, in all, the 
18 conditions. The problem is therefore definite for quadrics. 

Kach cyclide can satisfy 18 conditions, that being the number of 
constants in its equation; while the condition of confocality absorbs 4, 
the conditions that five points he on one cyclide absorb 5 more, and 
the conditions that the other five points are in the corresponding 
positions absorb 3 X 5 more—making 24 in all. There are therefore 
2 of the 26 that remain arbitrary. This is inagreement with § 6; for 
cubic cyclides the problem would be definite, but in quartics there are 
additional modes of freedom. | 

8. It is interesting to notice the very compact analytical solution of 
the problem, to draw quadrics through these two sets of four points 
respectively which, when properly placed, shall be confocal with these 
points in correspondence, that is contained in the equations (9) 
and (6). 

When in the general case the points 6 and 6’ are both in the plane 
at infinity, so that they are equidistant from all other points not at 
infinity, we obtain a particular class of loci, viz., those for which, with 
four fixed reference-points, the one set of distances are equal respec- 
tively to definite multiples of the other set. The loci are quartic 
cyclides, and their equations might also be obtained by the method of 
§4. Ifin the cubic cyclides represented by (10) and (11) we make 
this supposition, the surfaces reduce to confocal quadrics; but this 
merely shows that corresponding points at an infinite distance on con- 
focal cubic cyclides must be regarded as at different infinities, and 
therefore not equidistant from finite points. 
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9. The results here investigated for confocal cyclides are of course 
true for the special case in plano of confocal bicircular quartics. For 
this case a direct verification is not difficult. 

It is well known that a system of confocal conics can be represented 
by the equation in complex variables 

e+y = sin’ (¢+ep), 
and Greenhill has shown that a system of confocal Cartesians may be 
represented by the equation 

ety = sn! (6+), 


where ¢, { are the parameters act the two sets of mutually orthogonal 
curves. 


Denoting the distance of the point ¢, W from the point 9’, { by 
ov.oW’, we have to show that the above relation subsists between 
op.’ and dW’.9'W. Now, if x, y and #’, y’ are the coordinates of 
o, YW and ¢’, W’, we have 

a—a’+e(y—y) = sn’ (¢+up) —sn’ (9 +’), 
and, changing the sign of 1, 

—a—t (y—y') = sn* (pub) —sn? (¢—ep’). 
The product of these expressions is the square of gy . gf’. 

Now let | 
0 = {sn (+p) —sn (9'+ oh) } {sn (¢— eh) —sn (¢’—up')} 

= sn (¢+«p) sn (¢— ap) —sn (9'+ uf’) sn (6’—ay’) 

+ {sn (pte) —sn (P—eh) } {sn (g' + ap’) —sn (¢'— up’) } 
—} {on (9 +a) +n (p—af)} {on (g’ +o’) ton (’—w)} 
__ sn’ g—sn' sn” @ —sn* wy 


~1l-# sn’ g¢sn?ab) 1—k sn’ 9’ sn? ey’ 


4 sng ene dnig. sno ice ge. POP SRI OD PS eng’ snuy’ dnp” 
(1—k’ sn? @ sn? wp) (1—A* sn? 9’ sn? wW’) 





Hence we easily find 
(1—k’ sn’ sn? uw) (1—#?’ sn’ ¢’ sn? ef’) © 
= (sn’¢+sn’9’)(1+/? sn? up sn? af’) — (sn? ob + sn? ah’) (1— I’ sn?¢ sn’ 9’) 
+sn¢ cn dniw.sn¢’ cn ul’ dnu’+en¢gsni) dn¢@.cng’snif’dng’,. 


which is not altered in value by permuting the accents on 4, W, ¢’, ’. 


eee ar 
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Changing the signs of ¢’, ¥’, we obtain a similar expression for 0’, 
where also 00’ = (oy). 9)’. 
Tt follows that 
(1—K’ sn’ ¢ sn? up) (1—#’ sn’ 9’ sn? of’) (gp. of’) 
= (1H sn®g sn? uf’) (1— 2? sn?g’ sn wl) (pt. 9°), 


which is the verification sought. 


The relation is unaltered by inversion, and by inverting confocal 
Cartesians we obtain general confocal bicircular quartics. 


[9a. If ¢, J are the parameters of two sets of curves, we can express 
the coordinates of any point in their plane in the form 


a 0; (9, W), Le 0, (9, vy), 


where 6, 0, are functional symbols. 
Now we have shown that Ivory’s theorem in plano holds only for 
confocal conics, therefore the functional equation 


19: (oY) 91 (F, WP +19 (P )— 8 (OW) FP 


= an even function of ¢—9¢’, J—W, 


has a solution, which is unique, and represents a system of confocal 
conics, and can therefore be put into the form 


9; (p, W) ++, (9, ) +A = Csin’ (g+ep), 
where A, C are any constants, real or imaginary. 


Similar analytical statements apply in the other cases. | 


10. The inverses with respect to any point of a system of confocal 
quadrics form a special system of confocal cyclides for which the rela- 
tion (12) is clearly true. Also, if the pair of cyclides of that theorem 
are symmetrical with respect to a plane (1.e., if they have focal curves 
in that plane), their sections by the plane are bicircular quartics for 
which the theorem holds, and which must therefore, as we have seen, 
be confocal. These considerations [see § 7a] point to the conclusion 
that all the pairs of cyclides which satisfy the relation are confocal. 

Assuming their confocality, and applying the relation to two focal 
curves, which are limiting forms of a confocal system, we arrive, by 
the same method as in §1 for conics, at the result that the locus of 
the foci in space of a plane or spherical bicircular quartic curve is one 
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of the other focal curves of the system of confocal cyclides of which 
the original is a focal curve. This theorem has been given by 
Darboux. (Sur une Classe remarquable de Courbes et de Surfaces 
algébraiques, Paris, 1878, p. 44.) 


March 12th, 1885. 
J. W. L. GLATSHER, Esq., F.R.S., President, in the Chair. 


Messrs. Philip Magnus, B.A., B.Sc., Director and Secretary of the 
City and Guilds of London Institute for the Advancement of 
Technical Education, and R. Lachlan, B.A., Scholar of Trinity 
College, Cambridge, Royal Naval College, Greenwich, were elected 
members. 

Mr. J. J. Walker, F.R.S., made a second communication On a 
Method in the Analysis of Plane Curves. 

Mrs. Bryant, D.Sc., read a paper On the Geometrical Form of 
perfectly regular Cell-structure. The President and the 
Treasurer made some interesting remarks in connection with 
the subject. | 

Prof. Sylvester, F.R.S., spoke On the constant Quadratic Func- 
tion of the Inverse Coordinates of +1 points in space of n 
dimensions. Prof. Cayley, F.R.S., made some remarks on 
this last communication. 

Mr. Tucker formally communicated papers by Prof. Karl 
Pearson, On the Flexure of Beams; by Rev. T. C. Simmons, 
Two Elementary Proofs of the Contact of the Nine-point 
Circle of a Plane Triangle with the In- and Ex-circles, together 
with a Property of the Common Tangents; and Mr. Tucker 
mentioned that he had also obtained two elementary proofs of 
the first part of Mr. Simmons’ paper. 


The following presents were received :— 

‘¢ Proceedings of the Royal Society,’’ Vol. xxxvu., No. 235. 

‘¢An Elementary Treatise on Dynamics,’’ by Prof. B. Williamson and F, A. 
Tarleton, 8vo; London, 1885. (From the authors.) 

‘‘ Mathematical Questions, with their Solutions, from the ‘ Educational Times,’ ”’ 
Vol. xt11., 8vo ; London, 1885. 

«‘ Educational Times,’’ for March, 
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‘* Bulletin des Sciences Mathématiques,’’ Feb. 1885, and Index for 1884. 

‘Jahrbuch tber die Fortschritte der Mathematik,” x1v., 2; Jahrgang 1882; 
Berlin, 1885. 

‘‘ Bulletin de la Société Mathématique de France,’’ T. x11., No. 6; T. xmr., No. 1. 

‘* Beiblatter zu den Annalen der Physik und Chemie,”’ B. 1x., St. 2; Leipzig, 
1885. 

“ Mittheilungen der Mathematischen Gesellschaft in Hamburg,’’ No. 5; 
Leipzig, 1885. . 

‘¢ Jornal de Sciencias Mathematicas e Astronomicas,’’ Vol. v., No. 6; Coimbra, 
1884. 

“¢ Atti della R. Accademia dei Lincei,’’ Vol. 1., F. 4, 5, and 6; Roma, 1886. 

A number of pamphlets by Prof. L. Kronecker :— 

Ten papers from Nos. (xx., xX1.), (KXIII., XXIV.), (KXIX., XLVI.), (xxx.), (XXXVII.), 
(xxxvul.) of the ‘‘Abhandlungen’’ of the ‘‘Sitzungsberichte der Kéniglich- 
Preussischen Akademie der Wissenschaften zu Berlin.”’ 

‘‘ Ueber bilineare Formen mit vier Variabeln,”’ from ‘‘ Crelle,”’ Bd. xcvr., Heft 4, 
Bd. xcvu., Heft 2; Berlin, 1884. 

‘¢ Coordonnées paralléles et axiales: Méthode de transformation géométrique et 
procédé nouveau de calcul graphique déduits de la considération des coordonnées 
paralléles,”’ par Maurice D’Ocagne ; Paris, 1885: from the Author, 


Note on Certain Elementary Geometrical Notions and Determina- 
tions. By J.J. Sytvuster, Savilian Professor of Geometry in 
the University of Oxford. 


[Read March 12th, 1885.] 


A curve, as every one knows, may be regarded as a locus of points or 
as an assembly of directions, every point being common to two consecu- 
tive directions of the-assembly, and every direction to two consecu- 
tive points of the locus; the locus is called the envelop of the assembly 
(that is part of the accepted language of geometry), and, conversely, 
the assembly may be called the environment of the locus. So we may 
regard a surface as an assembly of tangent planes or as a locus of 
points standing to each other in the relation of envelop and environ- 
ment, and extend these definitions to space of any number of 
dimensions. 

By a plasm, waiting a better word, we may understand a figure 
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analogous to a point-pair in a line, a triangle in a plane, a pyramid 
in space, etc.; and an n-gonal plasm or n-gon will signify a plasm 
having n vertices and n faces themselves (n—1)-gons. 

It is easy and desirable to find the general value of the content of 
a regular n-gon, say abede, all whose edges we may call unity. 


If b= Lab, cy = 2p, dd = 3dy 0, 


it is easily seen by an elementary process of integration that /, y, 6... 
are the centres of figure to the successive plasms ab, abe, abcd, ..., and, 


making Laie heim ee emake 


each term in 7,, 3, 3 ... will be perpendicular to the one which pre- 
cedes it, so that, if V,, is the content of the plasm, 


(1, 2, 3....2)" Vn = py po vs Pus 
Moreover, we shall have 
| 2] (=) : 
ft cage Oe hes 
n 
of which the general integral is 


a —— +0 (= at 7 


n 


in the present case, since p, = 1, C=0, so that 


ape, “m+ 
Jee (VEO ey core 


If a, b, c be the angles of a fixed ‘triangle, and A, B, CO are propor- 
tional to the distances of a variable line from a, b, c respectively, we 
may denote the line by 4: B: CO; as regards a variable point, it will 
presently be seen to be advantageous to denote its proportional coor- 
dinates, not, as is rather more usually done, by equimultiples of its dis- 
tances from the three sides, but as equimultiples of these distances 
multiplied by the sides of the triangle from which they are measured* ; 
so that, calling these coordinates a, b, c, the imaget of the line at 
infinity becomes a+b-+e. 

Consider now the universal mixed concomitant (which it will be 


* Or rather divided by the distances of these sides from the opposite angles of the 
fundamental triangle, whose coordinates thus become 1, 0, 0, 0, 1,0, 0, 0, 1. 

+ If F = 0 is the equation to any Jocus or assembly, I call F the image, and such 
locus or assembly the olject ; to a given image responds in general an absolutely 
definite object, but, when the object is given, the image is only determined to a con- 
stant factor pres. 


1885.] Hlementary Geometrical Notions and Determinations. 203 


convenient to call a mutuant) Aa+Bb+Cc (where a, b, c, A, B, O are 
used in lieu of the more usual letters x, y, z, é, n, ¢) ; it will readily be 
seen that, when a, b, c vary, and A, B, C are fixed, the mutuant 
images the line A : B: O, and that, when A, B, C vary and a, b, c are 
fixed, the mutuant images the radiant point a:b:c; that is to say, 
Aa+Bb+Cc =0 is true for every point in the point-containing line 
A: B: Cin the one case, and to every line through the radiant point 
a:b: cin the other. 

Supposing, then, that the two kinds of coordinates are Rioeent in this 
manner, we see (what would not be the case if the simple distances 
were taken) that a form #' and its “ polar-reciprocal”’ ¢ image the 
self-same curve referred to the self-same fundamental triangle. 

These consequences would moreover continue to subsist if, calling 
the distances of a line from the vertices P, Q, 2, and of a point from 
the sides p, g, 7, wetook AP: MQ: NR,Ap: uq: vr for the two sets of 
coordinates, provided only that AAF=~u~MG=rNH; FI, G, H being the 
distances of the sides from the vertices of the fundamental triangle, in 
which case the line at infinity would no longer be imaged by a+) +c. 
I shall, however, adhere in what follows to the convention above laid 
down. I need hardly add that in like manner, in space taking 
A:B:C: D (the distances of a plane from the vertices of a funda- 
mental pyramid) as the coordinate representation of such plane, and 
a:b:c:d (the contents of the volumes which any variable point 
makes with the respective faces) as the coordinate-representation of 
such point, the mutuant a4+bB+cC+dD will be the image of the 
radiant point a:b:c:d when the capital letters are the variables, 
and of the plane A: B: C: D when the small letters are the variables, 
meaning of course that da+bb+O0c+Dd =0 will be true of every 
point in the plane A: B: OC: D and of every plane through the point 
a:b:c:d,and,as before, f and ¢ polar-reciprocals to each other will 
image the self-same surface (referred to the self-same fundamental 
pyramid) viewed as a locus or envelop on the one hand, as an assembly 
or environment on the other. 

If a, b, c, d be used to signify the actual as distinguished from the 
proportional coordinates of a point, a lhnear sdseareiater of these is con- 
stant, whereas it is a quadratic function of A, B, C, D..., when used 
to signify the actual distances of a variable line, plane, &c. from the 
vertices of the fundamental plasm which is constant; and it is the 
principal object of this note to determine the form of this quadratic 
function, which, as Prof. Cayley was the first to show, may be ex- 
pressed by the determinant to a matrix standing in close relation to 
the well-known “invertebrate symmetrical matrix,” the deter- 
minant to which represents a numerical multiple of any plasm 
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in terms of its edges, as ew. gr.: 


ab ac ad 1 
6G eee enn ee 
CO CO mee Came 
da db dec 1 

ey eh al 


where ab, ac, be... are used for brevity to signify the measure of 
absolute distance between a, b, a,c, b,c..., te, stand for what in 
ordinary notation would be denoted by (ab)’, (ac), (bc)*, ... This 
may be quoted as the mutual-distance matrix ; its determinant, besides 
representing a numerical multiplier of the squared content of the 
pyramid when equated to zero, expresses the conditions of the four 
points a, b, c, dlying in a plane, the former property being a consequence 
immediately deducible by strict algebraical reasoning from the latter. 
That this determinant does image the condition of the plasm to 
which the points a, b, c,d... are the vertices, losing one dimension of 
space, may be shown in a somewhat striking manner as follows. If 
for a moment we use 2, y, Z, the distances of any point in the plane of 
abc from bc, ca, ab as coordinates, the equation to a circle circum- 
scribed about abc will be of the form fyz+gze+hey, and, calling the 
sides of the triangle a, b,c respectively, av+by+cz is constant. Hence, 
substituting for z its value in terms of w and y, the image of the circle 
may be put under a form in which fb and ga will be the coefficients of 
y’ and 2 respectively ; but, since # and y are proportional to the 
Cartesian coordinates y and w respectively, the coefficients of « and y’” 
must beequal. Hence f: g:h:: a:b: c,andif now aa, by, cz, instead 
of x, y, z, be used as the coordinates of the variable point, the image 


: sat : ayZ 
to the circumscribing circle becomes > te or if we please 3% a’yz, 
nC 


i.e., be yz, where be stands as convened for (bc). 

Hence, if a, b, c, d be the vertices of a pyramid, 3 ab yz will be the 
image of the circumscribing sphere, for when any coordinate ¢ is made 
zero the image becomes that of a circle; and so universally for a 
plasm of any number of dimensions. 

Consider the case of a circle, and suppose that 


ab ac l 
ba Clee 
ca. cb 1 
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vanishes ; this means that the line x+y+z touches the circle 
ab xy + be yz+ca zx. 


But, if «+y+z images the line at infinity, it must cut this (as it cuts 
any other circle) in two distinct points, viz., the so-called circular 
points at infinity. Hence x+y+z must, when the above determinant 
vanishes, cease to be the line at infinity, which can only come to pass 
by the triangle abc losing a dimension of space, and a, b, c coming into 
a straight line, in which case «+7+z2 = 0, instead of being true of a 
particular line, is true of every point in the plane. 
Just in like manner, if 


| ab ar faa 1 
Didier OC a Daaee | 
ca cb cd I 
da db de 1| 

Lae iene Late 


vanishes, unless a+ y +2+# ceases to image the plane at infinity, this 
plane would touch the sphere = ab wy, ¢.e., would cut it in a pair of 
straight lines, whereas it intersects it in a circle. Consequently the 
plasm abcd must, as before, lose one dimension, and so in general. 
The content of a plasm vanishes when the mutual - distance 
determinant does so, and the latter as well as the former may be 
expressed rationally in terms of ordinary Cartesian coordinates; but 
the expression for the content (being linear in each set of coordinates) 
is obviously indecomposable, and must therefore be a numerical 
multiple of some power of the mutual-distance determinant; a com- 
parison of dimensions shows at once that this power is the square root. 

As regards the numerical multiplier, when the plasm has all its 
edges equal to unity (say a triangle, for example), the mutual-distance 


determinant becomes el ae bere Le ie: 
Lie Oe I. 
pe Oy a 
ih lege By 

which is easily transformable into 
Oe 1 as Fs 
a ee 
leece les 0 
ib ey ee 
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of which the value is —3; and so in general fora regular plasm with 
(n+1) vertices; 7.e.,in space of » dimensions the mutual-distance 
determinant, say D,, becomes (—)”"*'(~7+1), whereas the (volume)’, 
say V;,, has been shown to be ose 


Hence, universally, 
De aE Oe le Foe 


It may be here noticed that, if p be the perpendicular from any vertex 
on an opposite face of the plasm whose content is V,,_,, we shall have 


Vip = Vy. 
Consequently, | 
Daa Dp — (—)" gn-1 (1 a n—1)? Vn 2" 
=i" 1 (1 Dem) 
I now pass on to the leading motive of this note, viz., the determina- 
tion of the connection between the coordinates A, B, OC... drawn from 
OC. sem 


It is clear @ priort that the form of the condition will be in all cases 
that a homogeneous quadratic function of the distances must be con- 
stant. Thus, ev. gr., when there are four points, if A, B, C be assumed, 
we may describe three spheres with these. quantities as radii, and the 
fourth point will be determined by means of one of the pairs of tan- 
gent planes drawn to them, the particular pair depending on the rela- 
tive signs attributed to A, B, C. Hence,if F (A, B, C, D) =o be the 
general equation, each of the quantities must enter in the second and 
no higher degree; moreover, since by transporting the plane from 
which the distances are measured parallel to itself, A, B, C, D will be 
all increased by the same quantity, /’ must express a function of their 
differences, and consequently, since any two distances may be inter- 
changed, £ can contain no terms of the first order in the variables, so 
that /’ = 0 must amount to the predication of a homogeneous quad- 
ratic function of the distances being constant. 

Thus, ew. gr., in the case of three points, we have the well-known 


equation = (ab) (A—C) (B-C) = 3 (abc). 
Suppose now that A, B, C are taken in proportions consistent with 
making = (ab)? (A—C) (B—C) = 0. 


Let = (ab)? (A—C) (B-C) = P.Q, where P, Q are two linear 
functions of A, B, 0; then P, Q image two radiant points, each of 
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which will have the property that any of its rays is at an infinite dis- 
tance from a, 0, c, or at all events, if it should pass through one of 
them, from the other two, and it is easy to anticipate that these two 
points must be the circular points at infinity. That such is the fact 
is obvious, because (using Cartesian coordinates) the perpendicular 
distance from any point upon #+.,/—l1.y contains zero in its de- 
nominator ; so that the two points of the absolute may be regarded as 
the centres of two points of rays, all of them infinitely distant from 
the finite region. 

But these two points are the intersections of the circumscribing 
circle with the line at infinity, and consequently their collective equa- 
tion will be found by taking the resultant of = abay, 3a, 3Azxv, which 
is well known to be the determinant of the quadratic function 
bordered by the coefficients of the two linear ones. Hence the con- 
stant quadratic function in A, B, C, viz. Sab(A—B) (A—O), ought 
to be a numerical multiple of the determinant 


ak Mae a OL Gas a 
‘Ama ee du ace. 
yep” eh RG 
G20 iy GU ape 
ee oe oe B 
as is the case, the value of this determinant being 


—23.ab (A—O) (B—C). 


The same thing may be shown in a more elementary manner as 
follows. Combining 


etyt2= 0, ab xy+be yz+ca 2a = 0, 
we have acu” + (be+ca—ab) xy + bey’ = 0, 


at each point of the absolute. And, taking 2% Y; 24, &2Y2% aS the co- 
ordinates at these two points, it follows that 


yy 2 Yy Yo tM %y 2 By Yat Yi 2 Yr%etye%? AMAA 
2: be: ca: ab: —be—catab: —ca—ab+be : —ab—be+ea. 
And, as the two points will be imaged by 
a, A+y, B+z,0, wAt+y,B+2, C, 
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respectively, it follows that their collective image will be 
= {bcA?+ (bc—ab—ac) BC}, 
which is easily seen to be identical with 
be (A-B) (A—C). 


The universal algebraical theorem upon which the first method of 
proof depends is the well-known one that, if Q is a quadratic function 
and L,, L,,... D; 7 linear functions of j variables, and if Q’ (where j 
is not less than 7+1) is what Q becomes when i of its variables 
are expressed in terms of the rest, then the necessary and sufficient 
condition of the discriminant of every such Q’ vanishing is that the 
determinant to Q bordered by the coefficients of the 7 linear functions 
shall vanish. When j is equal to 7+1, the theorem shows that the 
resultant of the quadratic and its 7 attendant linear functions will be 
the bordered determinant in question. In the above example we had 
8h OSs 

Let us now proceed to apply a similar principle to the case of four 
points a, b, c, d in space. 

If we take the case #’+y7?+z2?+ =0, any tangent plane to it at 


we, y',2,t will be vetyytesttt, 
and, as wt y+ 724 42 = 0, 


it follows that every tangent plane will be at infinite distance from 
any point external to it; and, as this is true wherever the centre of 
the cone be placed, and all the cones so obtained have the “circle at 
infinity’ in common,—it follows that every tangent plane to the 
circle at infinity is infinitely distant from any external point in the 
finite region,—the infinitely-infinite system of planes thus obtained 
one may regard, if one pleases, as consisting of sheaves of planes 
whose axes form the environment to the circle at infinity, and will be 
the correlative to the infinitely-infinite system of points in the plane 
at infinity, which are infinitely distant from all external planes in the 
finite region. We see, then, that the coordinates to each such plane 
must satisfy the condition that, on making =z = 0 and SAw = 0, and 
expressing any two of the variables 2, y, z, ¢ in terms of the two others, 
the discriminant of the form then assumed by Sabry must vanish, and 
consequently, as before, the mutual-distance determinant to the points 
a, b, c, d, bordered with a row and column of units and a row and 
column consisting of the letters A, B, C, D, will represent to a 
* numerical factor prés the constant quadratic function of distances, 
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z.e., this function will be 
ame Le Che Dee oe Pe. 


Me endo! cc oak 

eben) Dcu-bds |, 

Circus webs cds 1 

1S hr 
eee ta ieee t 


and obviously a similar algebraical conclusion will continue to apply, 
whatever may be the number of points » in a space of n—1 
dimensions. 

As regards the value of the constant, in any case, that may be ob- 
tained by taking a face of the plasm as the term (line, plane, etc.) 
from which the distances A, B, C ...,are measured ; ¢.e., we may make 
B=0, C=0, D=0..., provided we make A equal to the perpendicular 
from a on the opposite face. The value of the bordered determinants 
then becomes the negative of the squared perpendicular from a on 
bcd... multiplied by the mutual-distance determinant to bed ...; @.e., 
by virtue of what has previously been shown, will be } of the mutual- 
distance determinant of abcd... 

Hence the complete relation between A, B, C, D may be exhibited 


by making — A Bit: OD — (he 
A ub ac ad I 
ees D(a ee UGee Od ink 
CGS Ci CO eee tears L 
D da db de 1 
Penile tok 


and similarly for any number of points. 

Professor Cayley has obtained the same result by a more Miter but 
not more instructive process, as follows. Taking, by way of example, 
three points, A+k, B+k, C+k, (where k is infinite,) may be regarded 
as the distances of a, b, c from a fourth point at an infinite distance, 
and accordingly we may write 


; ab ac (4k) 1 |=0. 
ba , be (B+k)® 1 
ca cb ; (C+k) 1 
(A+k)? (Bt+k) (C+k) 1 
1 1 1 1 
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For the gnomon bordering the square formed by the small letters and 
dots, we may substitute 


2kA+A’? 1], 
2kB+B? 1 
2k0+C? 1 
2kA+A®> 2kB+B? 2kC+O? —2h 1 
1 ze l 1 yeu 


without altering the value of the determinant, which therefore, 
remembering that & is infinite, is in a ratio of equality to (2k)? mul- 
tiplied into the determinant 


apace =A 1 
DECC Damen 
tH ta CO tae ek 
A B @G-t 
uf Site pak 


This last determinant therefore must vanish, agreeing with what has 
been shown above by a more purely geometrical method.* I will now 
proceed to develop this determinant deprived of its constant term, 
expressing it as.a function of the differences of the capital letters. 


It is obvious that it may be expressed as a sum of terms of which 
each variable part will be of one or the other of these three forms 
(A—B)’, (A—B)(A—C), (A—B)(C—D); and accordingly we may 
distribute the totality of the terms of the constant function of differ- 
ence into three families depending on the form of the variable argu- 
ment. 


In general, if we consider any invertebrate symmetrical determinant 


* Asacorollary, we may infer, from the vanishing of this determinant, that, using 


the notation previously employed, ub = —}n? peek 

Van Vai 

and consequently that Dp = —(2)" (1.2... 0)? Pang 

and that thus the content of a regular plasm with unit edges and ( +1) vertices is 


n+1 E 3 ils 5 
27(1.2...n)# 


for triangle, pyramid, plu-pyramid, etc. 
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expressed by the wmbral notation 


GammelOes Abs aca), 


ba bb bc... bl 


la Ib ite... Ul 


where aa = bb =cc=11,,. =0 and py = gp, we have this simple rule 
of proceeding : 

Divide the letters a ... J in every possible manner into cyclical sets, 
each set containing at least two letters. 

Any cycle a,a,... a; 18 to be interpreted as meaning 


AM, ° Ags oe Oj-1 a; ° A,Q;, 


which, by virtue of the supposed condition ab = ba, will be the same 
in whichever direction the cycle is read, the effect of the inversion of 
the cycle being merely to give the same product over again, written 
under the form ad; . dQ, ... A,Q;-1. 

The cycle of two letters a,a, must be interpreted to mean (a,a,)’. 
If now C,C,... C; are cycles of two letters each, and y,x,... x; cycles 
of three or more letters, the total value of the determinant will be 


Dy a BED OU OONG Na cee X?- 


If, the principal diagonal terms remaining zero, the other terms were 
general, then the expression of the value of the determinant, calling 
the cycles C,C, ... C,, and making no distinction between the case of 
their being binary or super-binary, would be 3 (—)”*’C,C,... C,; only 
it would have to be understood that each cycle of two letters, as (ab), 
would mean (ab)’, but a cycle of three or more letters, as (abc), would 
mean ab. be.ca+ac.cb. ba. : 

This being premised, it is easy to deduce the following rule for the 
determination of the three different families of terms belonging to the 
constant determinant of distances, which, to avoid prolixity, must be 
left to the reader to verify. 


Famity I. — Omitting any two letters, and forming all possible 
cyclical products with the remaining (n—2) letters, if 0, O, ... C, be 
any set thereof, and » the number of them containing more than 
two letters, the general term will be 33 (—)"*”2” C,. O, ... C, (A—B)’, 
a, b being the two letters which do not occur in the cycles C,0;... C,. 


Famity II.—Omitting any one letter, and forming with the remain- 
ing n—1 letters, in every possible te, a chain x containing two or more 
2P | 
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letters, and cycles 0,0,... C,, then, supposing the chain to be bcd ... kl, 
and understanding by (x) the product be.cd... kl, the general term will 
be 22 (—)"*"2"”*! 0,0, ... CO, (x) (A—B) (A—L), a being the letter 
which does not appear in the chain or any of the cycles, and »’ mean- 
ing as before the number of the cycles which contain at least 
three elements. 


Famity III.—Form all the letters in every possible way into two 
chains (each containing two or more letters) y, x’, and into eycles C,, 
C,,... C,; then, supposing the initial and final letters of x to be a, h, 
and of x’ to be &, l, the general term of this family will be 


2B (—)"tr2"9 0,0; «.. C, (x) (x) ((A-K) (A-L) + (A-L)(A—-§)}. 


I subjoin in the following table the types of the coefficients of the 
several families for all the values of n from 2 up to 7; the vacant 
cycle ( ) of course means unity, and a cycle (ab) means (ab)*; %.e., the 
fourth power of the length ab. 

Every cycle enclosed in a parenthesis of three or more letters, will be 
understood to be affected with a coefficient 2, and for greater brevity 
the variable part of each term is left to be supplied. A round 
parenthesis indicates a cycle, a square parenthesis a chain. 


they! Troe er 

Letters. Family. 
2 (3 Ist 
3 (bc) 2nd 
4 —(cd) Ist 
re 2 [bed] 2nd 
ccm 2[ab]. [cd] ord 
5 (cde) Ist 
53 —2[bede] : 2 (bc) [de] 2nd — 
” —2 [ab] [cde] 3rd 
6 —(cdef) : (cd) (ef) 1st 
3 —2 (bed) [ef] : —2 (be) [def] : —2 [bedef] Qnd 
- —2 (ab) [ed] [ef] : [abc] [def] : [ab] [cdef] 3rd 
7 (cdefg) — (cd) (ef) Ist 


»» 2 (bede)[ fg] :2(bed)[ efg]: —2(be) (de)[ fg] 2(be)[ defy]: —2[bedefg] 2nd 
1 2 (abc) [de][fg]:2 (ab)[cd][efg]: —2 [abe] [defy]: —2 [abcdefg] 3rd. 


. 
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Thus, ex. gr., the constant function of distances for three points 
in a plane is 23 be (A—B) (A—O); for four points in space is 

— cd (A—B)?+22 be. cd (A—B) (A—D) 
+22ab . cd (A—C B—D+A—D B-O): 

for five points in hyper-space is 

23 (cd. de. ec) (A—B)?—23 (bc .cd. de) (A—B) (A—E) 

+2 (bc)? (de) (A—D) (B—E) 

—23ab.cd.de.ec ((A—C)(B—E)+(A- E)(B—C)). 


The part of the constant function of distances for seven points be- 
longing to the 2nd family of terms will be 


4% be. cd de. eb. fy(A—B)(A—H) +43be.cd. db. ef. fg (A—E)(A—@) 
—2 (be)? (de)*fy (A—F)(A—G) +2 (be)? (de . ef .fy)(A—D)(A—G) 
—2be.cd.de.ef .fg (A—B) (A—@). 


The number of types in each family for m points is easily express- 
ible by a generating function. 

Obviously in the lst family this number is the number of ways of 
resolving » into parts none less than 2; 1.e., it is the coefficient of 
nee i ‘ Seen ee eee 

1—2#, 1—2*.1—2'... 
In the 2nd family, it is the sum of the number of ways of decom- 
posing n—3, n—4,... into parts none less than 2; 1e., it is the 


coefficient of w”-* in 


we 


1 
(1—#)(1—a?)(1—2')... 


lta+a?+... 
(l—2’)(1—2')... 


, we 10 


In the 3rd family, if the number of ways of dividing r into two parts, 
neither of them less than 2, is called (7), and of dividing (n—7) into 
any number of parts, none less than 2, is called [n—7], the number of 
types is }(r) [n—r]; 7.e., it is the coefficient of #"~*in 


I 


1l+a+ 2a? + 20+ 324+ 32°+... Epos 
he ™ C—a)—e) A —#)I—o"),.. 


(1—2a’) (1—2*) (1-2)... 


Hence the total number of types in all three families combined will 
be the coefficient of x”~? in 


= = Beans 
(1—2#)(1—2’)+a(1 wr) ta riper 1 


l—z.1l—2?.1—-2'... l—«. (l—2’)?, 1—2*, 1—2*... 
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Consequently, the indefinite partitions of 0, 1, 2, 3, 4, 5, 6, 7,... 
being 1, 1, 2, 3, 5, 7, 11, 15, ..., the series for the type-number will be 
found by summing all the terms in the odd and even places successively. 
We thus obtain the series 1, 1, 3, 4, 8,11, 19, 26, ... for the number of 
types in the constant-distance function for 2, 3, 4, 5, 6, 7, 8, 9, ... points 
respectively. 

It may be worth while to exhibit the rule for the formation of the 
constant function of distances under a slightly different aspect. 

As before, by the reading of any cycle, understand the product of its 
successive duads affected with the multiplier —1 or —2, according as 
the number of letters in the cycle is two or more than two. 

By a modified reading of a cycle, understand what the reading 
becomes on substituting for any two duads pq, 7s the product 
(P—Q) (R—-S), as for instance (A—BYC—D) in lieu of ab. cd, 
(A—BYB—C) in lieu of ab. bc, and (which can only happen in the 
case of a cycle of two letters), (A—B) (B—A), «.e., —(A—B)? in lieu 
of ab. ba. 

Then, to find the constant function of distances to any given set of 
letters, we must begin with distributing the letters in every possible 
way into cycles containing between them two or more letters. Hach 
such combination of cycles we may call a distribution. 

In each distribution the cycle is to be taken (each in its turn), and 
the swm of its modified readings is to be multiplied by the product of 
the readings of the remaining cycles, if there are any. The sum of 
these sums (or the single sum, if there is but one cycle) is the portion 
of the quadratic function sought, due to the particular distribution 
dealt with; and the sum of these double sums, taken for each distri- 
bution in succession, is the total value of the function, and will be 
equal exactly to its representative determinant when the number of 
letters is odd, and to the same with its sign changed when that number 
is even. 

As an example for five letters a, b, c, d,e, there will be ten dis-— 
tributions of the form (ab) (cde), and twelve distributions of the form 
(abcde). 

From any one of the first ten distributions, as (ab) (cde), by modi- 
fying first (ab) and then (cde), we obtain 


1°. 2 (cd. de.ec) (A—B) (B—A), 

2°. 2 (ab)? {ce(O—D)(D—F) +de(D—F) (H—0)+ed(#H—C)(C—D)}. 
And from a distribution of the form (abcde) we obtain, by operating 
on consecutive duads, 


5 terms of the form —2 {cd.de.ea (A—B) (B—C)}, 
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and, by operating on non-consecutive duads, 


5 terms of the form —2 {bc .de.ea A—B C—D}*, 


The sum of all the sums ofterms due to the twenty-two distributions 
is the constant function of distances for the five given letters. 

In the case of six letters the distributions into cycles will be of four 
kinds, corresponding to the partitions 6; 4,2; 3,3; 2, 2, 2. 

The first kind will contain two types of the 3rd family and one of 
the 2nd family; the second kind will contain one type of each of the 
three families, and the third and fourth kinds single types of the 
2nd and Ist families respectively, thus giving eight distinct types of 
terms in all, as should be the case according to the rule, 


On a Method in the Analysis of Plane Curves. Part II. 
By J. J. Wauxer. M.A., F.R.S. 
[Read March 12th, 1885.] 


VI. A second form of D*v. 


Besides the forms of developments of the different powers of the 


operator -q(q-1) ... (¢—p+l1) DP? 


ad ie NED Lae a Nee 
= | (msin 0 msin B) — +(msin A J sin ER 
Lsin B—msin A) # b" 
+( smn b—-m sin =} 5 


used in the former part of this paper (Proceedings, Vol. 1x., pp. 226— 
242), in treating the intersection of a transversal lu+my-+nz with 
the curve (of order g) v = 0, founded on that of g (q—1) D’v, there 


* It will be observed that the distribution (acdde) will give a term 
—2{ch.de.cad—OB—D}, 


in which the literal part cb . de.ea is equal to the literal part dc.de.ea in the term 
above expressed. This is how it comes to pass that the terms of the 3rd family 
may be grouped in pairs, as stated in the prior mode of arranging the result accord- 
ing to families instead of according to cycles. 
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exists a second system; viz., if A=a#sinA+ysin B+zsin CO, 


d’v sua 3 Pe 
Fae aE Ore 








q (q—1) eyzD*v = — A” (i 


+(q—1)A { (my sin C+ 772 sin B) + vee ‘ 


—qg (q—-1) (fw sin B sin 0+m’y sin C sin A+n*z sin A sin B) v. 














To prove this, q (q—1) xyzD»v 
_y dv d*y ’ d’v ) 
aot ( Pane Cay ee ee 42 
dv oly dv 
+m’ (vy F, 7 ze-+n (2 +.) wY, 


, 


where J, m, mw stand for msinC—nsinB, nsinA—lIsin OC, 
lsin B—m sin A, so that 


me = nesin A—lwsin C = ne sin A+nzsin 0+my sin 0 = nA+Ty. 
Similarly nea=—mAt+l2, ny =lA+m2z, mz=—lA+ny. 
Making these substitutions, 











a gs Ae 19 dv dv 
qg (¢—1) eyzD*v = (q 1) (yz th Za aie ay =) 
’ , d’v , , 
yay l ae y : Cae ee 
+ { na(Cy ft aig aa V2) 4 ay te (m's nyo. 
Now 1? = A (m’y sin O+n7z sin B) 


—a (Px sin B sin 0+m’y sin C sin A+n7z sin A sin B), 
with similar values for mz, n?xy ; and, as has been shown, 
ma—n'y =—1A, wa—lz=—mA, y—m’e«=—nA; 
so that, finally, 
q (q—1) wyz Dv = — A? (Te 





Riya ES Figen 





dv 9. av +n) a) 


+(q-—1)A \ (mysin C+ "2 sin B) ae ; 
av 
~q (q—1) (Ex sin B sin 0+ m’y sin 0 sin. A+n% sin A sin B) , 


or if, for shortness, 


dy , dv ” dv wy dv 
— 1 aoc gE" a — — = — 
G(g=1)7, dy Afe qu Fat qv dy’ qv de’ 
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and a, 6, y stand for sin A, sin B, sin O, 
ey2z Dy =—A? (Paf+myg+n'zh) 
+A {(m?yy +728) vo’ +...$—(PeBy + m’yya +nzaf) v...(81). 


A precisely analogous demonstration proves that, v, w being two 
functions of orders q, q¢’ respectively, 


, _ a2 S72, {du dw, dw dv >» (dv dw , dw dv 
EN A a ate ald mt ae dx dz ) 
9, [dv dw , dw a) 

ba Ge dy da dy 


9 ° 9 e eka 
A | (ey sin 0+ nz sin B) (w= +q wo) 
+(n2 sin A+ Pe sin C) (qv ry elm i) 


+(?usinB + m’ysin A) (qv + y/u ) 


—2qq° (Pw sin B sin aie ea aa eats A sin B) vw. 


In particular, 
q'eye (Do) = — A" § Pe @ + my (7) +e (7 ) 3 


+qA { (my sin O+ntzsin B)S + S08 ‘ v 
—q (fw sin B sin C+...) v’, 


or ay (Dv)? = —A? (Pav? +...) +4 {(myy+n'zB) o'+...} 
ae RG SRA EP 


As in some cases the developments previously given are more readily 
applicable, or give results in simpler forms, so in other cases these 
latter developments have the advantage; and they have the further 
interest of being the analogues of the only form of development which 
exists for the corresponding method in space of three dimensions. 


VIL. 
The Quartic Node-Tangentials Line. 


As another example of the application of the method to a question 
hitherto, I believe, unattempted, I proceed to investigate the equation 
of the connector of the points in which the tangents at a node again 
meet a plane quartic curve. The only case in which this equation 
can be formed by ordinary methods is when the equation to the pair 
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of tangents in question breaks up into factors, viz., when the node is, 
say, e=0, y=0, z=A/sin O, and the line «=0 is one of the tangents. 
The equation is then of the form 


aa + b’y* + 6g'2a? + 6h’'a?y? +120'e? ys + 12)’y?2a + 12k’ x?ay 
+ 4a, xy + 4aza*2 + 4b; y®u + 4b3y°2 = 0, 
and the connector referred to is found, without difficulty, to be 
4 (2a'b3 k* + 8h'b3q?h’ —Ag'ay bs k? — gb; bs — 6090’ + 8079 + 40'a3 9k) x 
+ (803k —120'9'k? + 67'9?k' —b3g") (b'y' +4032’) = 0. 
To proceed to the general case : 


If w is a quartic having a double point (xyz), the tangents at this 
point will be lx’ +my’+nz’‘, subject to (8), Vol. 1x., p. 228. 


au du au 
mn & uA DiS he Sehr 0, 
or Aa+ pb +rve = 0, 
2 
where N= iheneca =e 
da 


viz., these tangents are two in number, as is well known, and meet 
the curve again in two points, the connector of which it is proposed 
to determine. Let (2‘y'z’) be either of these points, then (6), 


av Diu = «Diu—4 (my —nB) D*u, 


since for either tangent at the double point D’u vanishes, as well as 
wand Du. 

The term (my—nG) D’u may be advantageously calculated as 
DzxD. Du by the formula (11); thus (q=1, q’=2), 


a aD? d 
—2ayz (my —n3) Du = Ar a or A*AD? = 


dD*u dDu dD u 


—2y?2? (my —nB) Deu 
= A’ { —A? (Aa, +40, + v¢,) +24 (Aaat pBh+ryq) } 
+Aurta{ A? (Aa, +pb,+ ¢,) —24 (Aaa+pbh+ryq) } 
+ AwpB{ A? (Aay+ pb, + cq) —24 (Aah + phd +ryf )} 
+ Aary{ At (a,tubs tre) 2A (ag +p Bf-+rye)}, 
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a’ wo du 
a... h being — Ta Gata 


coe : each divided by 2, A standing for az+Py+ yz, a=sin A.. 





each divided by 12, and a,...c, being 


Adding this development multiplied by 4 to that of 2y?z?D‘u 
multiplied by 2, viz. (p. 230), 


aA* (a’ + pb’ + ve’ + 2prf’ + 2vrg’ + 2ph’) 
—4vA® {ra (Aa, + pb, + re.) + eB (Aag +...) try Aagt.. Ne 
+ dad? (Vata t 1?3b +r y%c+ QurByf + 2vrAyag+2ru ah), 


EN << 


since Aa+pb+ve vanishes for either of the tangents at the double ei 


point, and all the terms which follow in D*w vanish as the conditions 
of (yz) being a double point, there results 
w°y?2e’ Diu = At (Mawa' +... + 2r\pah’—4)\a, —4r pb, —4vAc,) 
+8A° (Aaa+puSh+ryq) 
—4A*x (Varat pb + *y*c+ QuvByf+ 2vrAyag + 2rApah). 
This being multiplied by abc, and substituting for d’a, pb, vc, 
—(Aub+vAc), —Apvatpre), —(wAa+prb) respectively, in virtue of 
the fundamental relation, the right side of the equation above 
will contain only uy, vA, Aw; so that, writing A*k for abcew’y’s’Diu, it 
becomes. 
0 = ka’ +a {Abe (by? + cB? —2fBy) «+A? (—B’c'— 0b’ + 2bcf’) wh wy 
+b {4ca (ca’+ ay? —2gya) v+A’ (—c’a’— ae’ + 2caq’) x 
+8Aca (gy —ca) +4A’c (ca,—ac,)} vr 
+c {4ab (af? + ba?—2haP) «+ A’ (—a’b’—b’a' + 2abh’) x 
+ 8Aab (hb —ba) +4Ab (ba, —ab,)} Ap ... (38). 


Similarly, interchanging letters and suffixes, 


0 = ky’ +a {Abe (by? +c? —2fBy) y+’ (—b’c — 0b + 2bef’) y 
+8Abe (fy—cf3) + 4A°c (cb,—be,) } wy 
+b {4ca (ca®+ ay*—2gya) y +A? (—c’a’—a’e’ + 2cag’) y} vr 
+c {4ab (af? +ba®—2haB) y + A? (—a?b’—b’a' +2abh’) y 
+ 8Aab (ha—af3) +4.A’a (ab, —ba,)} Ap ...(84), 
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= he +a {4be (by? +cB’—2fBy) 2+ A? (—b’e'— 0° + Of’) z 
+8Abe (f8—by) +4A°b (bc,—cb;) } py 
+b {Aca (ca? + ay?—2gya) 2+ A* (—c’a'—a’e' +29’) 2 
+8Aca (ga—ay) +40a (ac,—ca3)} vr 
+c {4ab (a8? + ba? —2haB) z+ A? (—a*b'—B’a’ +20’) 2} Aw... (385). 


Eliminating hk, py, vA, Au from these three equations with 
O = pva?+vry?+Apz’, 


the result may be written, (ca,) standing for ca,—ac, ..., 


4 


0 w . y 
bex® ALa + A? Le ALy + M°L’y + 84D, +4A’c (cb,) 
cay? 4Me+ A’M’e + 8AM, +4A’c (ca,) 4My+ A°M’y 
abz 4.Nv + A’ Ne + 8ALN, +447) (ba,) 4Ny + A?N’y + 8AM, + 4A°a (ab,) 


/ 


Z =i 
ATiz+ A°D'z+8AL,+ 4A) (bes) 
AMz+ ?MW'2+8AM,+4A’a (acs) 
ANz+L°N"z 

wherein the coefficient of x’ is, after division by 4A, 


boa? {[2M,+ Aa (acs) ] (4Ny +A°N’y) +[2N,+ Aa (ab,)] (4Mz + A?M’z) 
+4A [2M,+ Aa (ac;) ] [2N.+ Aa (ab,) }} 
+ cay’ {[2D,+ Ac (cb,) |] (4.N2+ A’°N’z) —[20,+ Ab (be,)] (4Ny + Ny) 
—[2N,+ Aa (ab,) (402+ A*L’z) 
—4A (2N,+Aa (ab,)] [2L4-+ Ab (bes) }} 
+abz? {[20,+ Ab (be,) |] (4My + Xe M’y) —[2D,+ Ac (cb,) | (4Mz + A?M’z) 
—[2M,+ Aa (ac,)] (4Ly + Ly) 
—4A [2L,+ Ac (cb,)] [2M,+ Aa (acs) ]}, 


where DL = cb*y’+be'?p?—2befpy, M = ac’a’+ca*y’—2cagya, 
N = ba’? + ab?a?—2abhaB, 
[T= —cb?—v'?+2fbe, MM =—ae’—ca?+ 2caq, 
N = — Va? —a'b? + 2abh’, 
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L, = be (fy—c), L;, = be (fB—by), 
M, = ca (gy—ca), M, = ca (ga—ay), 
N, =ab (hB—ba), N, = ab (ha—aj3). 

As the first object is to reduce the equation to an invariant form, 
it will be convenient to arrange the coefficient of x by powers of A; 
viz., it is 

8 {bc (M,Ny+N, Mz) 2’ +ca (L,Nz—L,Ny—N, Lz) 7? 

+ab (L, My—L, Mz—M, Ly) 2} 
+4A f{abc[ (ac,) Ny + (ab,) Mz |x’+ ca[c(cb,)Nz—b (bes) Ny —a (ab,) Lz] y? 
+ab[b (bc,) My—c (cb,) Mz—a (ac,) Ly] 2? 
+4 (bcM, N, x? —4caN, D, y’—4abL, M, 2”) } 
+2A? foc (M, N’y +N, Mz) a? + ca (DL, N’z—L, N’y —N, Lz) 7’ 
+ab (L, M’y—D,M’z—M, L’y) 2 +4abc [| M, (ab,) +N, (acs) | x? 
—Aca [bN,(bc,) + aL; (ab) | y’—4ab (cM; (cb,) + aL, (acy) | 27} 
+ A*®{abe[N’(ac,)y + M’(ab,)z]x* + calcN’(cb,)2—bN’ (be,)y — aL’ (ab,)z ]y? 
+ ab [bM’ (bes) y—cM’ (cb,) z—aL’ (ac) y} 2 
— 4a%be [ (aby) (cas) 2 + (Be,) (ab,) 4? + (bey) (cas) #4}. 
The first line is readily reduced to the form 
—8a’b*c? { A®af+2A? (gh—af)}. 


The terms multiplied by 44 which involve second | differential 
coefficients only, viz., 4 (bcM,N,«w—...), are as easily reduced to 


Aa7b'c? {Maf+A (gh—af)}, 
so that the total of this part of the coefficient of x’ is 
rote JO ce coor or An eI EE REECE EEE CODE 
The other terms multiplied by 4A are equal to 
abeA {b (cas) (cy’—aa’ + bBy— ba) +c (ab,) (aa? — BB’ + cya—cHy) 
+ b (bes) (aBy —aB*—gBy + hf) + ¢(be;)(—aBy + ay’—gy' + hBy)}, 


and these, so multiplied, added to the similar terms among those 
multiplied by 2A’, give an aggregate 


AabcA? {c (ge—fy)(ab,) +b (ha —fz)(ac,) + bay (be,) +caz (cb) }... (ii.). 
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Considering now the other terms multiplied by 2A’, their sum is 
readily found to be, when so multiplied, 


2ASabe (ayzL’ + heaM’ + gay’) ...csccceseceseceesee(il.). 
The other terms containing L’, M’, N’ are not divisible by abc until 
their values are substituted, when they are found to be equal to 

abea’a {[b* (cas) y—c! (ab,) #] e+ (gz— hy) [b(bey) y +e (be) 2} 

+ a°be'y?{ (fz—he) (cas) +a (be,) y—¢ (ca) 2} 

+a°bec'x# { (fy —gx) (bay) +b (abs) y—a (be,) 2} (iv). 
+2a°bef’yz {b (cas) z—c.(ab,) y} 

+ 2a*bog’a {b (bes) yet [ (bey) 2+ (aby) x") 

+ 2arboh’y {c (cbs) ye-+b [ (acy) a°+ (cbs) y°]} 

The four parts (i.)—(iv.) of the coefficient of x are now seen to be 
divisible by A*’abc; after which, and substitution of their values for 
L’, M’, N’ in (iii.), the equation of the node-tangential line comes out 
in the invariant form, 


x’ | 8a*bef 7 
+ 4a {b(fs— hee) (cay) +0(gv—fy)(ab,) +a (be,) y—car(bey) # | 
—x* (cas) (aby) —y” (ab,) (bes) — 2 (bez) (cas) $ 
+a'x {—2ae (b’9y+chz) 
+ [B? (cas) y —c8 (aby) 2] e+ (gz-—hy) [yb (beg) + 20 (Be) ]} 
+aby{ —2y(c2+a%x) +y(fz— hx)(cas) +y°a (bes) — yza(bes) } 
+acz { —22(a°a + by) + 2( fy —gx)(bae) + yza(be,) — 2’a(be,) } 86) 
+ 2af’yz{2abe+b (cas) z—c(ab,) y} 
+ 2ag’z {2ache+b (be,) yzt+e (be,) 2*+c (ab,) av} 
+ 2ah’y {2abgu —b (ca;) x —b (bes) y?—c (bey) yz} | 








+y' | 8ab’cq 
peeetee 
+2 | 8abe*h | 
sears = 
an equation of the fifth degree in the coefficients of uw, of the tenth 
in wyZ. 


In using this general form to obtain a particular result, e.g., when 
the double point is ¢ = 0, y = 0, the highest powers of 2, y must be 
successively made to vanish until the result is reduced to one in which 
the residue can be cleared of x, y by division. Thus, to obtain the 
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particular case investigated prior to entering on the general question, 
it is composed of the terms of the general form in which a*y*z* is a 
common divisor. Thus the first term in the coefficient of 2’, viz., 
8a'b3k*, comes from xya‘hc*b,, and so on. 

If the point (eyz) should be a cusp, the two tangents coincide in a 


single one, the equation to which may be written 

aw’ + hy’ +92 = 0, 
or hu’ + by’ +f = 0, 
or ge’ + fy’ +c2’ = 0, 
indifferently. Using the first form in the equation (33) above, viz., 
substituting a, h, g for 1, m, n, and similarly substituting h, b, f for 
l,m, nin (84); g, f, ¢ for 1, m, m in (85), and recollecting that 


py =Imn. lyz, vX=Imn.mze, Au = lmn. ney; also that at a cusp 
gh = af, hf = bg, fg =ch, it is easily found that the coordinates of 


PELE 


the point (#y'z), in which the cuspidal tangent again meets the 
quartic w, are determined by 
wry id = « {4a7bef—abe (fa,x+gb,y + he,z) +af (bea’a? + cab'y’?+ abc'2*) 
+2abe (af’yz+ hg’za+ gh'ay) } 
: y {4ab*cq —abe ( fa,v+ gbyy +he.z) + bg (bea'x* + cab’y? + abe'2’) 
+ 2abe (hf'yz+ bg’zae+fh'ay) } 
» 2 {4abc°h — abe (fa,x+gb,y + he,z) + ch (bca'a? + cab'y’ + abe'2”) 
+ 2abe (gf yz+fg’zet+ch’ay) }. 


Of course the equation (36) becomes in this case the tangent at the 
tangential point of the cusp. 
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On Hliminants, and Associated Roots. By HE. B, Exuiorr, M.A. 
[Read April 2nd, 1885.] 


1. The object of the following paper is to obtain some more general 
results akin to and including the well-known simple and elegant 
theorems due to Professor Sylvester and others, which connect the 
common root of two quantics with the differential coefficients of 
their resultant, the repeated root of a single quantic with those of the 
discriminant whose vanishing expresses its existence, &c. The 
method adopted is that of Salmon’s Higher Algebra, § 92. 


Let Uy = Wy (#) + Ayhy (@) +... FOmYn (@), 
and. Vy = b1x1 (Y) +O2Xs (Y) + + Onxn CY), 
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and let the condition in the coefficients, which expresses that a value 
of x satisfying wu = 0, and one of y which makes v = 0, are connected 


by a given relation Gay jem U- 
be F(a, Aas vo+ Bm; Oy, Oy, ..- oy = 0. 


Also let dx, dy, da,, ... 6b, be infinitesimal increments given to the 
variables and coefficients, restricted only by the conditions that the 
equations w=0,v=0, ¢=0 still hold. Itis a consequence that 
the relation #’= 0 still holds equally. In other words, retaining only 
first powers of the increments, the three limitations of arbitrariness, 


Wy, (x) Ody 1 ee fe Vn (#) Om + ee on = 0, 


X1 (y) OD, + 0s Xn (CY) ob, + 5 Flee 
de dps _ 
= cae 7, dy = 0, 


must produce as a consequence 


di GH 
paeaale ove Pa m é aa 0 
cas oe ¥ ae a ard eo 


Consequently, for certain values of three undetermined multipliers 
A, #, v, we must have simultaneously 





al at dF 
di ia day Jha AO, dy, oe iN 
W,(2) (a) ~ Wn (x) 
dP a ae 
aby =e Gute k © a db,, = 
Neue ecco) eee) ane 
, a du, 
—rv\— 
” dx a ai 
yao _ oe = Re 


altogether m+n-+2 relations, of which the last two tell us that the 
value of the ratio X : uw of the common values of the first and second 
sets of equal fractions is 
da’ dy dy dx° 
VOL. XVI.—NO. 247. Q 
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2. It becomes desirable to interpret special cases of these general 
results. Wirstly, then, let us take the case of direct elimination of a 
single variable « between two equations 


Ue =A, , (@) ta, Wy (7) +... +FOn Wn (v) = 0, 
and Ue = 0, Xx; (@) +a xX_ (@) +... + On Xn (%) = 0; 
that is to say, let us take 
$ (%, y) Sey, 
and let us now write the result of eliminating 
TOR GBs pul ie Rev telnet SOR cy ED 


Our conclusion is that the common # which satisfies u,=0 and C0 
satisfies also the m+n—1 equations 

















dv. : vy, (x) = dv, : W, (x) =.= Av, ; Wn (x) 
dx ali dx di da dH 
da, da, Ain 
—_ Wy Xi (@) Atty Xa) ez Xn (4) 
de dH de dk de di 
db, db, db, 


To particularise still further, let J, (7), ... Win (), X1 (@), «++ Xn (@) be 
powers of a. The two lines of equalities then give m—1 and n—1,imme- 
diate expressions for the common value of #, as ratios of differential 
coefficients of the eliminant or as roots of such ratios. When the 
powers of # are two sets of successive powers, so that wu, and v, are 
complete binary quantics expressed in their natural form, the values 
thus given are those of Salmon’s Higher Algebra, § 92. 


3. Another course that may be taken by way of deducing more 
special results from the general ones of §1 will be, keeping ¢ (a, y) 
general, to restrict the forms of the m+n functions ~(#) and x (7). 
For instance, we obtain immediately that, if 


1O=a§) 
is the condition in the coefticients that x, a root of 
U, = a,e +a a"+...+a,2" = 0, 
and y, one of V,=dytthyt tee tba y™ = 0, 
are connected by a relation 


¢ (a, y) = 0, 
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then equivalent values of these roots are given by pairs of the m+n 


. : dk he 5 dike on 

equations da, = Aw i da, Ae * coe eeey Aig AG ; 
die — 8) dk — So —_._ = 1 Snr 
Fi TA aT arm a a Le 


where Ne a ee 


For the case expressed by 
i — 1 Ft re, 
§ = st1=s4+2=...=s, +n—l, 


this, again, is another immediate generalisation of Salmon, § 92. 


4, Returning to the general theorems of §1, a case of special 
interest and exceptional nature is that in which the two sets of 
coefficients a, a, ..., 5), b,,... are identical. In such a case the num- 
bers of functions ~ (#) and x (y) will generally be equal; but other 
cases will be included. 

Suppose, in §1, that n is equal to m. We are told that, for all 
positive integral values of 7 not exceeding m, 

dF dF 
— =Av, Saeed a) PLY 
diy Y, (z), and db,. PX, (y); 
oP Me _ ap dv, 


h Oe ir a ot 
eras dy’ de de’ dy 





Now suppose that, on replacing 0, b,, ... Om by ay, da «+» Gy, respectively, 
the function Ee Ceregeee ts Us, Usiicre 0.) : 
becomes fF (a, a, soe Om), 


then, for each value of 7, 


dl + a becomes af 2 


dd, a0, da, 
Consequently, we obtain that, if 


f (ay gy see Qn) = 0 
be the condition in the coefficients that 


Ug ae: ay WY; (2) + ay, (x) uy a i Gin Vn (x) ae 0, 
Q (5 
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and Uy = 1X1 (Y) +4, X- (Y) +e Fm Xm (CY) = 9 


are satisfied by an w and a y connected by 


? (%, y) = 9, 
af _ 
it follows that aie = AY, (x) + BX (y), 
ay, 
LO fe penDy | ars 
diy ae A, (#) +X. (y), 
d : 
and fe — Win (a) UNE (y); 


where A and wu are in the ratio 


dp dt, dd du 


dx” dy“ dy’ da’ 
No modification is necessary if m and » be unequal. If, for in- 


stance, m>n we have only to consider in these results that 
Xnii (Y), «+ Xm (y) are identically zero. 


5. Let now, in this last, vw, and wu; be the same functions of # and y 
respectively. We conclude at once that, if w and y be two roots of 
the equation 


Un = ab, (@) +a, dy (x) +... +4y vy (v) = 9, 
which are connected by ¢ (a, y) = 0, 
and, if F(a) Us, ee Oe) = 0 
be the condition in the coefficients expressive of the fact, then 


dF 


ie My (@) +e (y), 


Fa = ry (#) + ry (y); 


dF 
dam 





— An (x) +P in (y); 
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lo dn, ; 
where cg ays 
-  p dg du, 
dy dx 
: : F du, 
which ratio may be written eee 
Ug 


In particular, give uw, the form 
Uy = ae" + a,2 2+... +0, 2" 5 
and write L for the form then assumed by F (a, a, ... a). 


We deduce m equations, of which the first 


aL 
—— Aa" + ay”? 
da, [ies 
is representative, and conclude that, if only 7, %,...7, are com- 
dL dbl dL 
mensurable quantities, ——, —— are terms of a recurring series. 
da, da, das 
In particular, if 7,, 7,, ... 7m be positive integers, the scale of relation 


of this recurring series is 1—(#+y)+ay; and the various differential 
coefficients of [, arranged in order as above, are the 7, r\, ... 7) terms 


of the series. More particularly still, if U, be the ordinary eo mnloe 
binary (m—1)-ic, a0" + aye"? +... +a, 


those differential coefficients are the first m terms of a recurring 
series whose scale of relation is 


wy —(e+y)+1 = 0. 


Cd 


Since the ratio X : » is given, one known term will determine our 
recurring series completely in terms of # and y. 


6. Desiring to proceed to the case of two equal roots of the same 
equation u,=0, two courses are open to us. We may take the results 
of the last article, specialise them by assuming 


¢(%, y) =a—y +6, 


and proceed to the limit by making 6 infinitesimal. [Merely to replace 
¢ (a, y) by «—y would, for several apparent reasons, be nugatory. | 
Or, remembering that equal roots of u,=0O are roots also of 
du, __ du 


a = 0, we may apply §4, taking uw) = = ae and ¢ (a, y) =#-y. 
wv 
The results obtained by the two processes are, as they should be, 
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identical. The latter is the one here chosen for exhibition. Briefly 
stated, it tells us that, A (a, dg, ... Gm) = 0 


being the condition that an « simultaneously satisfies 


Uy == AW, (&) + dy hy (@) +... +Ombn (@) = 9, 


and hts = aah (0) + ays (2) +. ban Vi (@) = 0, 
then oS =< AY, (a) + pli (x), 
da, 
dA 
day = = ri, (a) + py (x), 
(ah 
= or = Avn («) + pei (x), 


simultaneously, where A and p satisfy 





nb Cn, 


da” 


which last expresses, since for the particular value # in question 
dt, 
dex 
comparison with ), and so arrive at the equalities 





= 0, that, in general, ot =0(. We can neglect, therefore, m in 


dA dA dA 
nacre 


Le) he) _ (x) 
Of this general theorem with regard to equal roots, the case in 


which the functions W (#) are successive powers of # is, of course, a 
familiar one. (Salmon’s Higher Algebra, § 109.) 





7. Similar theories to all the above, though more cumbrous in 
form, can be developed with regard to functions of higher numbers of 
variables. Let it suffice here to state the results corresponding to the 
comprehensive ones of the first article for the case when w and v 
involve each two variables. 


Suppose w=a,y, (a, #’)+a,v, (a, v) +... +GmWm (x, #), 
and VE bx (Y, YD Hx. Ys YD He On Xn YD; 
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and let the condition in the coefficients, which expresses that certain 
values of w, x, y, y’, which make w= 0 and v = 0, are connected by 


three given relations (ie el ay 
9, (2, vy, ¥) = 9, 
$3 (%, @, y, ¥) = 0, 


be ON ah oe Oey Onsen! On) =r 
ae aR uF 
da da dy, 
then shall eS =... SS 
vy, (a, x ) Ws, (a, aw ) win (2, v Y 
LAs ig LE aE 
db ab db, 
and ee — a ee B, 
uly) xy) rl pa: 


where X and uw are connected by the result of Sane Vig dae Ve 
from the four equations 


du 4 ey My 
dlae x. da 











ala 

Cin dd, do 
r 1 : 3 

cee sare a ee 

dv dp, 3! dps : ey 
Pap RT Ea ECU 








jue ad, ge dds 
Nae dy Sea Vy dy "2 dij mrtg "8 hy yn 


that is to say, by the relation 


nf d ($1, $a, 3) __ du d (1 bas oe | 
Wied (ed My ae a a, o,4f,) 


aa {o. d (4,, Px» d;) dv d(9,, be ds) k= 
dy d(#,w,y') aah a(t, @, ¥) 
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On Congruences of the Third Order and Class. 
By Dr. T. Arcuer Hirst, F.R.S. 


[Read April 2nd, 1885.] 


1. In the Monats Bericht of the Academy of Berlin, for the 17th of 
January, 1878, Kummer had occasion to study the properties of two 
congruences of the third order and class, having one and the same 
focal surface of the eighth order and class. A year ago, when en- 
gaged on Cremonian Congruences,* I was led to consider two 
associated ones of the third order and class, which, at first sight, 
appeared to be identical with those of Kummer. Further examina- 
tion, however, soon proved them to be varieties of the latter which 
have not hitherto, I believe, been noticed. I propose to examine them 
in the present paper, and, in particular, to show in what manner 
they presented themselves to me as degenerate cases of Cremonian 
Congruences of the fifth order and fourth class. 

2. Such a congruence (5,3) is generated by joining the correspond- 
ing points of two, arbitrarily situated, planes a and £, between which 
a Cremonian Correspondence of the third order has been established.f 
The planes a and B are singular ones, containing congruence-curyes a, 
and b,, respectively, of the sixth order and fourth class.t The inter- 
section af is a triple congruence-ray and, at the same time, a triple 
tangent of each of the above congruence-curves ; the points of contact, 
in each plane, being the intersections of of3 with the fourth-class 
cubic, in the other plane, which corresponds to that line.§ 

The double points A, and B, of the above cubics a’ and 6° are at the 
principal double points of the cubic correspondence. They are the 
vertices of quadric congruence-cones A, and B,, passing through all the 
five principal points of the correspondence, which are situated in 3 and 
a, respectively.|| The four pairs of associated principal single points 
of this correspondence—say, A;, Bi; Ay’, By; Ay’, By’, and Aj”, By” 
—are centres of four pairs of congruence-pencils; the planes of each 
pair intersect in the line passing through both centres, and pass 
through the principal double points. The plane of each of the eight 
pencils, in short, passes through the principal line which corresponds 
to its centre. 

3. Besides a and 6 and the eight, above described, there are two 


* Proceedings of the London Mathematical Society, Vol. xtv., pp. 259—801. 
Hereafter the articles of this paper will be referred to in the abridged form, C. C. 
t ¢.C., Arts. 3 and 6. t DOOSsATENy § CoC. Art. 8. O20; Arteg, 
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other singular planes, each of which passes through both the princi- 
pal double points A, and B,, and intersects a and 6 in a pair of lines 
which correspond to one another, point by point. Each of these 
planes, therefore, contains a congruence-conic which touches a and 8 
at points on a and 6°. 

4. The several tangents of these two congruence-conics, and the 
rays of each of the above four pairs of congruence-pencils, belong, in 
realty, to a system of quadric reguli,* whose generators, in the agere- 
gate, constitute the congruence (5,3) under consideration. The two 
directrices of each regulus of the system being corresponding 
rays of the pencils A,(a) and B,(f), one generator thereof lies in 
a, and another in £ ; these generators join, obviously, the intersections, 
with af, of the two directrices of the regulus, with their corresponding 
points ona®and 6°. The quadric surfaces, therefore, on which the several 
reguli of the system are situated, all pass through the principal points 
A, and B,, and touch the planes a and @ at points which lie on the 
curves a and 6°. 


5. The second, or conjugate system of reguli, situated on the above 
quadrics, form, in the aggregate, another congruence (5,3), which has 
the same singular points and planes—in short, the same focal surface 
as the one already described. But this congruence is not Cremonian, 
that is to say, its rays do not determine a bi-rational correspondence 
between any two of its singular planes; A, and B, are here simply 
centres of congruence-pencils situated in a and (.t 

6. The common focal surface of the above two congruences is the 
envelope of the system of quadric-surfaces already referred to. It is 
of the twelfth order and eighth class; touches the planes a and 6 
along the cubics a’ and 6, and, besides this, cuts them in the fourth 
class, sextic congruence-curves a, and b,.f 

7. A, and B, are, in general, quadruple points of the focal surface ; 
the tangent cone at each being the envelope of the plane which con- 
nects a ray of A, (a), or B, (8), with the point in which its corres- 
ponding ray of B, (3), or A, (a), intersects, for the second time, the 
principal conic in 3, or a.§ This cone is well known to be of the third 
class and fourth order; it touches the plane a, or (, twice, and has 
triple contact with the quadric congruence-cone A;, or DB). 

It is important for what follows to notice that, by the formule of 
Plucker, each of these cones possesses three cuspidal edges. 


8. Without further discussing the properties of the above focal 


* Conf. C. C., Art..32. + Conf. C. C., Art. 36. 
~ C0. C., Arts. 10,18,and15. § Conf. C. C., Art. 36 (¢), 
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surface, I pass, at once, to the degenerate case of the congruence 
(5, 3) which was referred to in Art. 1. 

It presents itself when the planes a and #/ are so placed that each 
of two points C and D, on aj}, becomes self-correspondent. Two 
congruences (1, 0), consisting of rays issuing from these points, may 
then be detached from the congruence (5, 3). This done, the 
residual congruence (3, 3), say C, will still have the two quadric 
congruence-cones A, and B;, of Art. 2, and the four pairs of congruence- 
pencils with centres 4;, Bj; Ay’, By’; Ay”, By’; and 4;”, By”. The 
| planes a and 6, however, will now contain congruence-conics a, and 
b,, having a? for a common tangent, and, instead of the two con- 
eruence-conics, described in Art. 3, we shall now have two congruence- 
pencils, with centres C’ and D’, supplemented by two other pencils, 
with centres CO and D, respectively, and situated in planes y and 0, 
each of which touches both the conics a, and b,.* Included in the 
system of quadric reguli whose generators, in the aggregate, constitute 
the congruence C under consideration, we have now, in short, two 
new pencil-pairs,—one with the centres C and C’ and the planes y and 
(A,CB,), the other with the centres D and D’ and the planes 6 
and (A,DB,), respectively. 


9. The reguli, conjugate to those of the system just referred to, 
constitute, in the aggregate, a second congruence (38, 3), say C,, having 
the same singular points and planes as C. 

In passing from C to C,, however, the planes of the pencil-pairs 
whose centres are’ A,, Bic eAia. Dic A, eh, eee en ee 
are interchanged, and a and (3 are now merely planes of congruence- 
pencils having their centres at A, and B, respectively.t The con- 
gruence C,, moreover, is no longer Cremonian; its rays establish, 
in fact, a (2, 2) correspondence between any two of its singular 
planes. 


10. Each of the congruences C and C, is self-reciprocal, as is also 
their common focal surface. The latter, which is, of course, the 
envelope of the system of quadric surfaces upon which the above- 
mentioned conjugate reguli are situated, is of the eighth order and 
class. 

Besides touching the planes a and 6 along the fourth-class cubics 
a and b*, the fccal surface likewise cuts them in the conics a, and b,; 
and, correlatively, A, and B,are not only quadruple points of the focal 
surface, the cones of contact at which are of the third class (Art. 7), 


ROO ATR 20; 
t Conf. C. C., Art. 36, (e) and (d). 
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but they are likewise vertices of quadric cones, A, and B), circum- 
scribed to the surface elsewhere. 

The points of each of the six point-and-plane pairs, included in the 
system of enveloping quadrics, are nodes of the focal surface, the 
quadric tangent-cones at which touch both the planes of the pair ; 
and correlatively these planes touch the focal surface along conics 
which pass through both the points of the pair. These conics form, 
obviously, the intersection of the point-and-plane pair with the next 
succeeding quadric of the system. 


11. Generally, every two consecutive quadrics of the system referred 
to in the last Art. intersect, in a quartic curve—the characteristic— 
which passes through A, and B, and touches a and B. The tangent 
at each of these two points is a generator of one of the third class, 
quartic cones referred to in Art. 7, and in each of these two planes 


the characteristic touches one of the fourth-class cubics a° and b°. 


12. Two consecutive characteristics, in other words, three consecu- 
tive quadrics of the system in Art. 10, intersect, not only in A, and B,, 
put in six other points situated on the curve of regression of the focal sur- 
face. At each of these six points the curvein question has three-pointic 
contact with one of the quadrics S’ of the system. The three points, 
in fact, are the intersection of S* with (1) the two quadrics immediately 
preceding it, (2) the quadrics immediately preceding and following 
it, and (3) the two quadrics immediately succeeding it. The above six 
intersections of two consecutive characteristics, therefore, count as 
eighteen intersections of S” and the curve of regression. 

But the points A, and B,, as will be presently shown, are triple 
points on the curve in question; so that the latter intersects S’, on the 
whole, in twenty-four points, and is consequently, like Kummer’s 
curve of regression, of the twelfth order. 


13. That A, and B, are, in reality, triple points on our curve of 
regression follows most readily from the fact, alluded to at the end of 
Art. 7, that the tangent-cone to the focal surface at each of these, its 
quadruple points, has three cuspidal edges. For the generators of 
these cones are clearly tangents, at A, and B,, respectively, of the 
several characteristics passing through these points, and the existence 
of a cuspidal edge thereof obviously implies that of a characteristic 
of a similar stationary character,—that is to say, of one which in- 
tersects its consecutive characteristic in six points whereof one has 
come to coincide with A,, or B,. 


14, The curve of regression of the focal surface, besides having 
triple points at A, and B,, has, as we have seen in Art. 12, sextuple, 
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three-pointic contact with every quadric of the system in Art. 10. 
Six of the latter, however, break up into point-and-plane pairs. 
The planes of each of four of these degenerate quadrics pass through 
two associated principal single points of the cubic correspondence 
between a and (£, as do also the two conics along which these 
planes touch the focal surface. One of these conics, moreover, 
passes through A, and the other through B,; and each of them 
likewise passes through the three points in each of which its plane 
osculates the curve of regression. 

The planes of each of the remaining two point-and-plane pairs of 
the system touch the focal surface along a pair of conics intersecting 
in C and 0’, in the one case, and in D and D’,in the other. In both 
cases, one of the conics of the pair passes through the two principal 
points, A, and B,, while the other, situated in y or 6, passes through the 
four points in each of which its plane osculates the curve of regression. 


15. The preceding congruence (3, 3) differs from that described by 
Kummer in having the two singular points A, and B,, and the two 
singular planes a and (. There is, however, a still more special 
congruence (3, 3) which merits a passing notice. 

When the correspondence between a and /3 is such that the distance 
between two of the four principal single points in the former is equal 
to that between their associates in the latter, both pairs may be 
brought to coincide on af; Ay’ and By’, for instance, in O, and 
1” and By” in D. When the generating planes are thus placed, how- 
ever, each of the cubics @ and b’*, corresponding to a), breaks up into 
three right lines, viz.: CA,, DA,, and A;Ay ina, and CB,, DB,, ByBY 
in B. To the several points of CA, and OB, corresponds the point O 
solely, and to those of DA, and DB, the point D; while between a6 
and A;Ay’, as well as between af and BiBy’, a point-to-point corres- 
pondence exists, whereby the two congruence-conics a, and b, are 
generated. Hach of these conics touches a/3, as wellas the three right 
lines into which the cubic of its plane has broken up. 

16. The planes y and é of the congruence-pencils whose centres are 
O and D respectively, since they touch both the conics a, and bg, 
(Art. 8), now coincide, respectively, with the planes(A,COB,) and (A,DB,); 
and at the same time the centres, O’ and D’, of the congruence-pencils 
which these planes for merly contained, now coincide, respectively, with 
Cand D. In short, in place of two of the congruence pencil- pairs 


described in Art. 8, we have now two doubled pencils A, ,OB, and 
A,DBy. 
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These, as degenerate quadric reguli belonging to the system 
described in Arts. 4 and 8, coincide, moreover, with their conjugate 
reguli. In other words, the above doubled pencils, like the tangents 
of the two conics described in Art. 8, are common to the two 
associated congruences referred to in Arts. 5 and 9. 


17. The system of quadric surfaces on which the above-mentioned 
reguli are situated, and whose envelope is the focal surface com- 
mon to the congruences C and C,, now includes the two doubled planes 
(A,CB,) and (4,DB,), each bounded by a pair of right lines,— 
A,0, B,C and A,D, B,D respectively — which lie wholly on the focal 
surface. 

On this surface the lines Aj Aj’ and B; By also lie; along them, in 
fact, the surface touches the planes a and /, respectively, since each 
quadric of the enveloping system touches these planes at points 
situated on these lines (Art. 4). 





18. The focal surface being, like the congruences C and C,, self- 
reciprocal, we might at once infer from the above that the tangent- 
planes to it at A,, as well as those at B,, are co-axal, the axes being 
generators, respectively, of the congruence-cones A, and B3. 

These results, however, are easily verified directly. The tangent- 
planes in question each connect a ray of A, (a) or B,(() with a gene- 
rator of the congruence-cone A, or B, (Art. 7), and these rays and 
generators are now not only in (1, 1) correspondence with each other, 
but in each of the lines A,C and A,D, or B,C and B,D, two 
corresponding elements coincide. By a well-known theorem, therefore 
the planes of all other pairs of corresponding elements are co-axal. 
The axis, of course, is the intersection of the plane (A,4;B;) with 
(A,A;’Bi’), or of (B,A;Bi) with (B,4;/By), and from elementary 
‘considerations it can be readily shpwn that this intersection les on the 
congruence-cone A, = A, (B,B{B/CD), or B= B, (A,4{4i/CD). 

Finally, it may be observed that this axis, and the lines A,C, A,D, 
or B,O, B,D, represent, in the present case, the three stationary edges 
of the tangent-cone at A,, or B,, to the focal surface—which edges 
were found in Art. 13 to be likewise tangents, at the triple points, of 
the curve of regression on this focal surface. 
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On the Arguments of Points on a Surface. 
By R. A. Ropurts, M.A. 
[Read April 2nd, 1885.] 


It is known that, if a variable general curve of assigned degree 
meet a fixed curve in a plane, the points of intersection are connected 
by certain relations. These relations have been expressed by Clebsch 
in a well-known form involving certain integrals which depend upon 
the position of the points on the fixed curve. There are also similar 
relations connecting the points on a fixed twisted curve where it is 
intersected by a variable surface. Now, if we seek the extension of 
these results to the points of intersection of a fixed surface with vari- 
able curves, it is evident that we must have relations between several 
double integrals, as the position of a point on a surface depends on 
two variables. From the analogy of plane curves, we should be led to 


expect aoe mig aot etafaes ine anette eee (1) 


da 





as the element of the fundamental double integral. This is a sym- 
metrical expression, being equal to 


dydz __dzda _ dS _ 7’ sin 6 dé dd (2) 
aoe cag WANE Geek Ge dea ca 
dx dy dx dy dz dr 


where a, y, 2 are rectangular coordinates, 7, 0, ¢ polar coordinates, 
7’ = 0 is the equation of the surface, and dS is an element of area. It 
may be observed that the element (1) is proportional to the mass of 
the shell formed by the surfaces /’ = 0, +k = 0, at the point a, y, k 
being indefinitely small. 

Let us proceed then to investigate whether there is any relation 
connecting the expressions (1) at the points where the surface / = 0 
is met byaline. Now it is evident that, in order that the elements of 
the double integrals should be connected by any relation, the line 
should involve only two parameters, or, in other words, should belong 
to acongruency ; we may take then as its equation 

oma YP ty (3), 


Te a a ee SAY, seeceeccvsveceeevcnes 


where a, /3, y, l, m, n are supposed to be functions of two parameters 
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p,q. Substituting these values (3) of a, y, z in terms of p in = 0, 
we get an equation of the form 


H=f (p) = ap" +be"-*+... = 0 Mediesiccad sestavnceret | ot 
to determine the values of p in terms of p, gq. 


Now, if du = HN, we have, from (2), 








dk d 
dz 
rps Ldydz+mdzda+ndady 
Em hE 
dee dy dz 
But 1+ m ie nse is evidently equal to = and for dydz, &c. we 
substitute oe aoe a) dpdq, &c. Thus we get 
G dp d 
dp 
where Gaels 2 ene 
dp’ dp’ dp 
dq dq dq 


Now, from (8), 


eguntlamueedlecde 

ee renee 

Ae TRE ee CER 

dx _ da dl do dy 

a a pe a 
dq dq '° dq’ dq’ dp i 


Hence, substituting these values in G, and oe disappear, and we 
oP q 


may write 


(imp pte, se Aber are weds. fess te eee Oy) 
where L=|1l, m, n|,M= &e. 
dp dp’ dp 
dq dq’ dq 


Now, if we seek the geometrical signification of G = 0, it is easy to 
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see that it gives the points where the line is intersected by a consecu- 
tive; that is, the two points where the line in general is bitangent to 
a surface. Hence, if 7,, 7, are the distances of these points from a, f, y, 

we have, from (5), : 


dip d 
du = Sra) le ae EL ee ee 7); 





where we have put f (p) for -. 
pP 


This result is exactly analogous to the corresponding theorem in 
plano (see § 2 of a paper of mine in Vol. xy., No. 215, of the Proceedings, 
“On certain results obtained by means of the Arguments of Points on 
a Plane Curve ”’). 

Hence we see that, if lines belonging to a congruency meet a surface 
of the fourth order, we have 


Bd 0 Fe a eens eee ee CO 
and, if they meet a surface of the fifth order, we have, besides, 
Dede = aydy = edi — OV eee ene 


and further relations for surfaces of higher orders. We may give a 
more exact interpretation to these results asfollows. let us take any 
closed area on the surface f’, and through every point of this area 
draw lines belonging to an assigned congruency. These lines will 
evidently trace out n—1 other areas on F. Then, if uw, v, &c. denote 
the values of {{ du, {{ edu, &c. over one of these areas, we have, from (8) 
and (9), — 0920 = 0, "ae. 

I now proceed to apply the result (7) toa quadric. If a line belong- 
ing to a congruency meet a quadric, we have 


ia Es AO, AO,. dpdg 


a AB 
Ae (=) PR BO epg 
es Bama’ (Ge pares ere pero ore 
a BA 


where A, B are the points on the quadric, and O,, O, are the points of 
contact with the surface to which the line is bitangent. Hence we obtain 


du, dt, _ 


A0A0 BOBO 





Oe ie LON 


Suppose the line to be a bitangent to a quartic surface U, then it is 
easy to show that 


AO;GA OlGI0;y DBO.G-BO,ccUs 
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where U,, U; are the results of substituting the coordinates of A, B, 
respectively, in U. Thus, in this case, (10) gives 

: du, dus 

Vote, 


If we suppose the line to be an inflexional tangent of a cubic surface 
U, O, and O, coincide, and we can show that 


AO, EU 











BO} OU, 
Hence in this case we have 


du, du 
ee ne Tee S TES EOSTE 
(U,)§ (U,)* 
Again, suppose the line to be a chord of a curve lying on another 
quadric V, then, by a property of the quadric, we have 


AO,. AO, _ Vi, 
BOW DOLE 3 
therefore ay + TENET RRR oo td OI, (13). 
Vig Vs 


Going back now to (11), it may be observed that we cannot, as in 
plano, infer the existence of a doubly infinite number of polygons in- 
scribed in a quadric I’ whose sides are bitangents to quartics of the 


form BLS TES Oat Rh OAG! 41, CAT: 


where U is a given quartic and § is a quadric which is different for 
each side of the polygon. The result (11), however, suggests the 
existence of such polygons in certain cases. 

In fact, we can show independently that such polygons exist in the 
case where the quartics (14) coincide and break up into two quadrics 
inscribed in the same developable as I’. We know that three quadrics 
inscribed in the same developable can be converted homographically 
so as to become confocal. Now Liouville has obtained the differential 
equations of the lines touching the confocal quadrics p = a, p = ay, 
in the form 

Loyt Lwytl)= “ Te ere HOG) 
M(e) + M(v) + MQ) =P 


L (6) =| 


where 
dp 
J {(p?—h*) (p?—*) (p?— a7) (p? — a2) }’ 
M a p’ dp 
() | J { (0? —h’) (p? —k’) (p? a") (p? — a3) 
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a, 9 are constants, and the notation is the usual one of elliptic coordi- 
nates (Liouville’s Jowrnal de Mathématiques, t. xii., p. 418). 
Hence, if we put 


L(u) £L(v) =u, M(v) 4M) =», 


we easily find, for the two points on the surface p= a constant, where 
it is met by a common tangent of the surfaces, p = a,, p = ay, 


ty — tly = 2D (p), ry = BM (p) seers seeeneeee (16). 


Hence, if Q, 0’ are complete values of the integrals DT (p), M (p), 
respectively, for a polygon of n sides we evidently obtain 2n L(p)=Q 
2n M(e) = 2, which serve to determine two relations connecting 
P; G4, 4. Thus we see that, if these two conditions are satisfied, there 
are a doubly infinite number of closed polygons inscribed in the 
quadric p whose sides touch the quadrics a, a3. It may be added that 
this result may be extended to the case in which the vertices of the 
polygon lie on different confocals. 

We may now proceed to the application of (7) to the cubic 
surface I’. 

Suppose the lines of the congruency to be bitangents of the quartic 
surface U, then it is easy to see that, forthe three systems of points on 
F’, we have 


sit 0653 8h Sa es ae 


ae VU MU /U 


and, if the lines are inflexional tangents of a cubic surface U, we have 





du xe du ydu _ edu _ 
>in 0, TCtm Vay a Aaya te tae (18). 


Also, if the lines satisfy the single condition of touching a quadric JU, 
we have always 
du 
MU 
Again, let one of the points C where a line of the congruency meets 
the surface lie on a fixed curve, then O,, say, coincides with C, and for 
the other two points A, B we easily find 


du, Dit, __ 
10, ai. apse SH vetoes THRO Cre be ot +0 (20). 


"Obi ic ie en ne een RO 





Hence if, in this case, the line also touch a quadric U, we have 


du, du 
at age Does Vr Por ty SPiN eevee 21) 
Ware ATE. a 
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or, if it intersect a curve lying in a plane P, we evidently get 


ee a as 
PBs stl iint north ( 


The result (21) appears to suggest certain theorems concerning the 
possibility of the inscription of an infinite number of closed polygons. 


Proceeding now to surfaces of the fourth order, we have seen that 
Sdu = 0 in general. Hence, if the lines of the system intersect two 
fixed curves on the surface, we have for the two points where they 
meet the surface again, if 


Thus we see that {| du has the same value over two portions of area 
traced out on the surface by lines meeting it again in two fixed’curves. 
It may be shown that we have also this relation (23) in the case in 
which the lines are bitangents to a quartic U touching the given sur- 
face Ff along its intersection with a quadric. We have f= U+S", 
identically, where S is a quadric. Now, if the line is a bitangent of 


U, we must have, for the points of contact, U equal toa perfect square 
= Q?. We thus find 


(a6) (aia (PHai= i) 
Cail Caen a eo) 


where w, y give the points of contact with U, and a, (3, y, 6 the points 
of intersection with F. Hence, from (7), we obtain the relation (23). 





We may extend the preceding results to the case of a variable conic 
intersecting a fixed surface. An arbitrary conic can evidently be ex- 
pressed by means of the equations 


a fi h — ts 
eA, y=? g= 3, 
asa eaieoe? 
where fAi=a?+obdite,  f, = ke. 


We suppose then a, b,, c,, &c. to be functions of two parameters yp, q, 
and we find thus, as in the case of the line, 





ot Peon. 


where G is now a polynomial of the sixth degree in ¢t, whose vanishing 
gives the values of ¢ corresponding to the points where the conic is 
touched by a surface. Hence we obtain the equations (8) and (9), the 
summation extending to all the points of intersection of the conic and 
the surface. 


R 2 
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In exactly the same way we can find relations between the ele- 
ments of the double integrals corresponding to the points where a sur- 

face is intersected by a unicursal curve of any degree. 

In the same way as in the paper of mine referred to above, we can 
arrive at several relations connecting the points of contact of the sides 
of triangles inscribed in a surface whose sides belong to given con- 
gruences, For instance, from (10), we find that, if there be a system 
of triangles inscribed in a quadric whose sides belong to congruences, 
then the six points of contact will lie on a conic. 

Again, if there be a system of triangles inscribed in a cubic surface 
whose sides meet the surface again on fixed curves, then, if the sides 
are also tangents to surfaces, the three points of contact will lie on a 
line. Also, if lines belonging to congruences form triangles inscribed 
in a cubic so that the points where the sides meet the surface again 
lie on a line, then the six points of contact will lie on a conic. 
Several other results can be deduced from (10). Since du fora sphere 
is an element of area, it can be shown that, if tangents be drawn to a 
sphere so as to intersect a fixed curve at infinity, these lines will trace 
out on a concentric sphere portions of equal area. 

Again, we can find a relation between the areas cut off from the 
cyclide 

U = (+ y4+2+kh)—4 (ee +oy+e2) = 0 
by lines varying in a certain manner. For this surface we easily find 


aS = J/{a? (@—k*) 7? +0 (VP —#) +e (?—F) 2} du, 


where dS is an element of area. If then we take lines bitangent to 
the surface U+AF' = 0, where 


= gy (a? —K*) e+e rae y+e (c?— k*) 2, 











du 
we have from (7 

Tae Foy tO: 
Hence, since so ue = 34 gun saat LU 0, 


JF Wa Van 


we have 3 / Fdu = 3dS = 0. Thus we see that a series of bitangents 
to the surface U+AH=0 will trace out on the given surface four 
areas which are connected by the relation 8S; +S8,+5,+8,=0; 
and it is evident that the boundary of one of these areas can be 
assumed arbitrarily. 
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On some Properties of certain Solutions of a Differential Equation 


of the Second Order. By Dr. HE. J. Roura. 
[Read April 2nd, 1885, ] 


If we write down Legendre’s equation 
— gy FY _9,,. 9 ly =0 
(1-2!) SY 20 bn (M41) y = 0 serseessevseeseens(L), 


we have a solution, when n is a positive integer, usually called a 
Legendre’s coefficient, and written y=P,,. The chief properties of this 
function may be briefly summed up. (1) It is an n™ differential 
coefficient. (2) It satisfies a scale of relation by which P,,, is found 
in terms of P, and P,,,. (3) All the roots of the equation P, = 0 are 
real, and are confined between certain limits. (4) The integral 
| P,, P,, dx vanishes between the same limits, while [P, dx has a known 
value. Also (5) P, may be generated as the coefficient of %" by the 
expansion of a known function of ¢. 

Let us now generalize the differential equation by introducing arbi- 
trary letters into every coefficient. It now becomes 


(ax? +ba+0) SY 4 + (fotg) Shy = ==) ees, aes seereeeQaus 


where h is a function of some parameter 1, which we shall afterwards 
take to be a positive integer. Two solutions at least of this generalized 
equation have been given which are n™ differential coefficients, each 
of which reduces to P,, when the differential equation takes the form 
(1). Representing either of these by y = X,, we propose to show that 
the corresponding scale of relation is of the form 


AX 2+ (B+ Cz) Ne Us, = 0, 


where (A, B, C, D) are constants which depend on (a, b, ¢, f, g, n). 
Following the same general line of argument as that used in the case 
of Legendre’s coefficients, we shall show that, provided 4—f/a in the 
first solution or f / a in the second is positive, and in each case numeri- 





cally greater than of 53 us ee ; (the root being supposed real), the pro- 


perties of X,, / X, follow exactly those just mentioned for P,,. 

The differential equation (2) has been discussed by a great many 
authors, chiefly with the object of finding its general integral. For 
some of the following references the writer is indebted to the kindness 
of the referees of this paper. 
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An equation which reduces to the form (2) by easy transformations 
is discussed by Euler in his Integral Calculus. He obtains in certain 
cases solutions in which y is expressed in a finite series of powers of a. 
As he does not put these into the form of an n™ differential coefficient, 
his solutions do not at present concern us. In 1812 or 1813, Gauss 
(Collected Works, Vol. 1.) expressed the solution as a hyper- 
geometrical series. Liouville, in the thirteenth volume of the Journal 
de V Ecole Polytechnique, 1832, discusses the equation in a manner which, 
in the beginning, is the same as that in Art. 3 of this paper. He ob- 
tains an integral in the form of an n™ differential coefficient, and dis- 
cusses the meaning of the result when n» is not an integer. In 1860, 
Spitzer treats of that particular case of the equation (2) in which 
a=0, and expresses the solutions as n™ differential coefficients. Then, 
in 1868, H. J. Holmgren (Kongliga Svenska Vetenskaps-Akademiens 
Handlingar), after giving references to these works of Huler, Liouville, 
and Spitzer, mentions certain restrictions on their solutions. He takes 
Liouville’s paper as his point of departure, and finds integrals in which 
these restrictions are removed. The integrals are expressed as 
n™ differentials, and the meaning when u is not a positive integer is 
given. The solution of the differential equation (2) is also discussed 
by Boole, under the name of Pfaft’s equation, in the latter part of his 
Differential Equations. In Pfaff’s treatise we find a great many cases 
specified in which the equation has been solved both as n™ differential 
coefficients or otherwise. Probably no case in which n is integral has 
escaped his search. 

After so many writers have obtained solutions, it is not to be sup- 
posed that anything new is presented in the two n™ differentials found 
in Arts. 3 and 4. Taking these two forms as the point of departure, 
we pass on to the scale of relation as the theorem next in order. 
None of the writers already mentioned seem to have alluded to this 
result, so that it is possibly new. | 

Taking next the theorems on the roots of X,=0, we find two papers 
by Sturm in the first volume of Liouville’s Journal. In the first of 
these, he discusses the very general equation 


d ( ov) 
se ae amet § 
dx \ da toy f 

where k and g are functions of wa and some parameter n. Subject to 
certain specified conditions, he proves theorems concerning the 
separation of the roots. Afterwards he discusses a theorem equi- 
valent to {X,,X,¢(«)de=0. His reasoning is necessarily very 


different from that given in this paper, for here the scale of relation is 
the central proposition with which all the others are connected, and 
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this theorem is not alluded to in Sturm’s papers. Even therefore, on 
this point of contact with Sturm’s paper, what is here stated presents 
some novelty. 

The value of { @ («) X, dz has been found between the limits which 
make dx’?+ba+c = 0. 

The generating function of X, is also found, but it seems too com- 
plicated to be of very great use. 

Finally, two special cases, in which exponentials occur in the value 
of y, are alluded to at the end of the paper. 


1. The two solutions of the differential equation 


(aa +be +0) <4 4+ (fe+g) “1 + hy =0 nt eee eee (2), 


which are the subjects of ee may be found by two artifices. 


First, we may put y = oe then, if the equation beaperfect n™ differ- 


n+ 
dz —i 


ential, the value of z can be at once found. Secondly, we may seek 
some factor u by which the equation (2) can be made a perfect 
differential. 


2. By writing px+q for x, we can always reduce the equation to the 
form ale — 08) TL (fe a!) “1+ iy = 0 grees (3): 


This form is sometimes more convenient than (2). But, when the 
factors of aw’?+bxe+c are not real, the values of p and q are not real. 
To avoid these imaginary quantities, we shall use the general form in 
obtaining the solutions. 


3. The First Solution.—Writing y = d"*)2/dz"*’, and integrating 
each term (+1) times by the help of Leibnitz’s theorem for negative 
indices ; viz. 


1 





dv one} 


: n+1 dv 
Ou = Vd" U— Nn — utn —— 60°"? y4—&e., 
da dix? 





where 6 stands for d/ dx; we have 
9 dz dz 1 
(ax + be +c) qt ety — (n+1)(2ax+b)} at ahs 


where h’= h—(n+1)f+(n+1)(n+2) a, and the constants of inte- 
gration have been omitted. 
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If n be so chosen that h’= 0, we find, by an easy integration, 


ery Gy + bat 0)" oy 


me _ fet+g9 


h 
eo de  axv’+brt+e 


Summing wp, we may state the theorem thus. Let a and £ be the 
roots of the quadratic 


(M41) (142) A— (N41) FAR = Oiirrcrcccceecceseeeee (4). 
Then a solution of the differential equation (2) is 


Sy EAE AES wile (Casati 1 
ai ase* R +Be, R ’ 
We LAOH REC YOO) OTe Sen ere) 


R de az ae ce wl 


If either a or B is a positive integer, a solution of the required form 
has been found. 


4, The Second Solution—Let us now multiply the differential equa- 


tion (2) by an integrating factor 4. The condition of integrability 
leads to the equation 


nu — 2 (fot g) wt © (aa?-+bo- be) w= 0. 
Expanding, this takes the form 

(aa? +ba+e) ok # +{(da—f)e+2b—g} H+ (i f+2a) p= 0, 
The integral of the given equation is then 

(ax*+ba+o)p Sh + { (fo-+g) »— 2 (aat+ba+o)u by = 0, 


where C is some constant. Choosing C to be zero, as the integral 
can be found without its help, we have 


_ av’+bae+c 
y aS! R B, 
where f has the same meaning as before. 


The equation to find p is of the form already discussed in the first 
solution, A solution of the required form can be found if either of 
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the values of m given by the quadratic 
(m+1) (m+ 2) a—(m+1) (4a—f) +h-—f4+2a = 0 
is an integer. This quadratic can be written in the form 
m(m—1)a+mf+h = 


Summing up, we may state the theorem thus. Let a and 6 be the 
roots of the quadratic 


Mm (mM —1) At Mf th =O sivsccccererssceeececees(6), 
then a solution of the differential equation (2) is 
Sat he 
- we thet {4 £ © ag? +be-+e) B+ BS = (as +be-+0)*- ‘Bh, 


where # has the same form as before. 


If either* of the roots of this quadratic is an integer, a solution of 
the differential equation as an n differential coefficient has been 
found. 


5. Comparing the two solutions, we now see that we could derive 
one from the other (say, the second from the first) by a simple sub- 
stitution. For, if we write y = p (ax#*+be+c)/R, the equation to 
find « is of the form solved in the first solution, with 4a—f written 
for fand 2b—g for g. 


* If both the roots of either of the fundamental quadratics are positive integers, 
it might be supposed that each root would give a solution in the form of an th 
differential. But the two solutions thus found are really the same. To show this, 
we shall use the following theorem, which has been obtained by an application of 
Leibnitz’s theorem. If 24+1 be an integer, though k may be a fraction, 


Pk, i (2 = 
teen ek OURS EM (2 1) eel 
ayrh +t eg) etl Gals “+1 


where M = (k+l) (k+/—1)... to 2k+1 factors. 


To shorten the algebraical processes, let us take the differential equation in its 
simplified form (3). The second solution, after substitution for 2, becomes 





R d \* 1 2% 2 
= A — 1— 2)2 (a- 8-1) 29 B (4 aN i 2\% (B-a—1) 29 
As ape (=) ies, Que (1—2*) Q”, 
where inet 
i>: 


But, by the theorem just mentioned, 


(2) ei Qi = 29-8 MU (42—1)4(8-<-) Qus, 
a 

Differentiating this 8 times, we see that the two integrals are the same, or (since If 
may vanish) one of them is zero identically. The other solution may be treated in 
the same way. 
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Thus any general theorem proved for one solution will have a 
corresponding theorem for the other solution, provided we make the 
proper changes in the quantities f and g. 


6. Since the roots of the two fundamental quadratics (4) and (6) 
are such that m+n” =— 1, we may notice that, whenever either value 
of m is an integer, one of the values of m is an integer and of an oppo- 
site sign. Thus the two solutions are complementary for our present 
_ purpose. In general, if one root of either quadratic be an integer, a 
solution as an n™ differential coefficient has been found. 


7. In the first quadratic (4) the sum of the two roots is f/a—8, 
and in the second quadratic (6) the sum is —f/a+1. We shall pre- 
sently require the first or second of these to be negative or zero, 
according as we are using the first or second solution. It is clear, 
therefore, that the roots of either quadratic cannot be both positive 
integers except zero. In all the uses made of these two solutions 
when we speak of the positive integral value of n, there will be but 
one such value. 


8. As the function & plays an important part in the solution of the 
equation, it will be convenient for the sake of reference to express its 
value here. In all cases we have 

Lidh\.) fe-+g 


R de av+be+e’ | 
If b°— 4ac be positive, the factors of aw?+bxe+c are real, let them be 
a (#—X) (e—p). We then have 
= (@—h)? (a@—p)! 
Heh ERE oak AE Ee 
2a 2a? (A—p)’ 2a 2a? (A—p) 
In the simple case in which (Art. 2) a=—1, b=0, c=1, this takes 
the form iii (lay w (7 42)" 
1l—a 
If b°>—4ac be negative, the value of R assumes a very different form. 
We have 


log R= Flog (aa?-+be-+ 0) + 2ag — bf -» 2ax+b 


a(4ac—b)i- (ac 6%)" 
If t?’—4ac = 0, we have 
_ (2ag- bf) 


Pie (Eee e y Gees’ 
2a 
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Other important cases occur whena=0, or a=0 and b=0O; but 
these do not need special reference at present. 


The Scale of Relation and Analysis of the Two Solutions. 


9. The two solutions of the differential equations may be written 


a (e+ eRN Q, 


in the form Utes 
ae a 


where P and Q are known functions of # which are independent of n. 
By giving n all positive integer values from n =0 onwards, we can 
arrange these values of yin two series. There will be a scale of relation 
between the terms of either of these series. This will be of great use 
in finding the forms of the function y. In order to discover this 
functional equation of n, we shall premise the following lemma. 


10. Lemma.— Let 
X, = £ @-1)"Q 


@— 1) = (e+) Q 


where M and N are given constants independent of n, then will 
AXn at (B+ Cz) Xnu1+DX, = 0. 
Here A, B, C, D are constants independent of «, as follows: 
A=—(M+n+2) (M+2n+2), 
B= M (M+2n+3)N, 
CO = (M4+2n4+2) (M+ 2n4+3) (M+2n+4), 
D= (n+1) (M+4+2n+4) {N?—-(M+4+2 2n + 2)" }. 


The simplest proof which we can give of this equation is to substi- 
tute for X,, &c., and integrate the result » times. It will therefore 
be sufficient to prove 


Ag is  (B'"Q) + (B+ C2) £ — (B"*1Q) + (D—OnP) P*Q = 0, 


where P=«#’—1. After effecting these differentiations, we divide by 
P" and substitute for dQ/dz. We thus obtain an equation of the 


form aP+ Paty = 0, 
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where a, 3, y are three functions of the coefficients A, B, C, D. 
Equating these three to zero, and (to avoid fractions as much as 
possible) choosing the value of A as indicated above, we find the 
values of B, CO, D. 


11. If we substitute (a?—1)?Q for Q, we may easily find a useful 
extension of this theorem. We then have 


X,= = (a? —1)"*2 Q 


(1) = { (2g) e+ N} Q 
and it follows, as before, that ~ 


AXn sat (B+ Cx) Xnsvit DX, a 0, 


where A, B, C, D have the same values as before, and q is any integer, 
positive or negative. 


12. If we substitute (2av+b) / (b?>—4ac)* for x, and make some 
slight changes in the constants in order to simplify the result, we 
have the following theorem. 


Let IG me is eg vat 


” da” a 
dQ sete 
(ax’+be+c) — ey (M—2¢7) ——— +N ¢ Q, 

then will AX .9+ (B+ Ce) X,.1:+DX, = 0, 
where A= —(M+n+2)(M+2n+2), 

Bi pone ye eee a 

a 2a 
O = (M+ 2n-+ 2) (M+ 2n+4+38) (M+ 2n+4), 


D = (nt1)(M+2n+4) { (XY ~ (M+2n +9) = 4ae a}. 


In the first solution, viz., that of Art. 3, we have g=1, Q=1/R, 
so that pe ae Ne ke 


~ Qde R dx  ax+bet+e 


therefore M=- Joe i — ole —J. 
a 2a 
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In the second solution, viz., that of Art. 4, we have g =—1, Q= R, 


sO that M= f —2, N=—- aL +g. 


2 
Substituting these values of M and N, we have the scale of relation 
for each solution. 


13. Let us apply the scale of relation to analyse the first solution, 
which we may conveniently write in the form 


gd” 


ee dae wi thete\" = 
y= 75 ( a R peace 
diay GOs, eo ese aaa 
5) 0 ak b) 
2 A fae 
when n= 1, X= Sete (4 L) oy Peat 
ak a a 


Thus it appears that X, and X, have a common factor; hence, by the 
scale of relation, all the succeeding functions have the same factor. 
Also, since # enters into the scale of relation only in one coefficient, 
and in the first power, we see that the general term must be of the 


2 
form X, = PEE tie + + Get Gh, 


where G,, G,, &c. are all constants. We may conveniently write this 
solution in the form 
Bilis 
y= wate Ca). 


14. The scale of relation will fail to give X,,. when X,,, and X,, 
are known, if either M+n+2=0 or M+2n+2=0. Since 
M =—f/a+2, this would require either n or 2n to be equal to f/a —4. 
But it will be immediately seen that we shall take 4—f/a to be posi- 
tive, so this case will not occur. 

We may also notice that X, /X, might be of less dimensions than 
nif the quantity represented by C in the scale of relation could 
vanish. But this cannot occur if 4—f/ a is positive. 

It follows also from the same supposition that A and C must always 
have opposite signs; thus the coefficients of the highest powers of # 
in the series 1, X,/X,, X,/X,, c&c., are all of the same sign, and 
therefore positive. 

No two consecutive functions in this series can vanish for the same 
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value of z; for, if so, every function would vanish. This cannot occur, 
because the first function in the series is unity. 


15. The constants A and Din the scaie of relation will have the 
same sign if their product is positive. Remembering that 


M=—ffa+2, N=df/2a—g, 
we see that this will happen for all positive values of n, provided— 


(1) (—f/a+4) is positive, greater than zero, and numerically 
greater than bf] — 29 





(2) The factors of az?+ba+c are real. 


If these two conditions are satisfied, the series of functions 1, X,/X), 
&c., are such that, when any one of them, as X,,,/X), vanishes the 
two on each side, viz., X,/X, and X,,./X,, have opposite signs. 
They therefore resemble Sturm’s functions, and may be used like 
those functions. 

If we continue the proof as in Sturm’s theorem, using the results 
of the last article, we see that the roots of the equations 

XG x 


teen) de 
? x 


x; 
X, 0, x7 &e., 


p] 
0 
are all real, and that the roots of each separate or lie between the roots of 
the next im order. 


16. The necessary conditions that this should happen are that A 
and D should have the same sign when n=0, and that 4—// a should 
be positive. The first of these conditions implies that X, / X, should 
be negative when X,/ X,=0. We therefore infer, conversely, that if 
4—f]a be positive, the one root of X,/X,=0 cannot le between those 
of X,/X,=9 unless 4—ff/a be also numerically greater than 


bf la—2g 
(b?—4ac)* 





17. Again, by referring to Art. 8, we see that both conditions may 
be expressed by making the exponents p and q of the two factors of 
f.algebraically less than 2. Now, when this happens, the expression 

2 n+1 
(ote is finite for all values of a when n is any positive 
integer except zero. It therefore follows that the roots of all its 
differential coefficients up to the n™ inclusive, i.e., the roots of X, = 0, 
are not only real, but lie between the roots of axv*+ba+c = 0, 


* 
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18. Let us apply the scale of relation to analyse the second solu- 
tion (Art. 4), which we may write 


_ av'+bete d* i ke 
PES cx” a ees 


When n= 0, 2 as 


(ea iets 
a 


By continual substitution in the scale of relation, we find X,, &c. It 
appears at once that the general form of the solution is given by 


IG a CEL ee ave TL 4s 
where the H’s are all constants. 


The same remarks apply here as in the first solution, Art. 14. 
Since M =.f / a—2, it follows that A and C cannot vanish, provided 
f/a@ is positive. Thus X, is an integral rational function of n* 
dimensions, and the coefficient of the highest power is positive. 


* Conversely, we may enquire what the condition is that an integral solution 
should exist. Taking the differential equation in its simplified form (Art. 2), viz., 


(1-29) Ys (for Bthy =0 De Renan e (3), 
let us suppose such a solution to be 
Y= Agate Age perl ae Agee tis Si geatysaucnesieees: (I.). 
Substituting, and taking only the highest powers of x which enter, we have 
i tan Lif aie Mes essa cs cronselesiscdrssecuiieeke (II.). 
This quadratic is the same as that used in the second solution when a = —1 (Art. 4). 


We see that there can be no highest power in the series unless this quadratic has a 
positive integral root. Thus the differential equation has no solution in integral 
positive powers of x except in those cases in which we may apply the method given 
in the text. 

The determination of this integral solution is not further connected with the sub- 
ject of this paper. But one or two points may be noticed in passing. Let a and p 
be the roots of the quadratic (II.), and let m= a be the root, supposed integral, 
which we take as the highest power of x. Returning to the substitution from (I.) 
in (3), we find 

—(a—-1-—8) A,-; =gad,, (p—a)(p—B) dp = 9 (pt1) Api t (P+) (+2) Apes 

Tiras coeche ose (III.). 
Thus each coefficient of the series for y is found in terms of the preceding ones. 
Now 4-1=0 because its py +1 = 0, and A_» = 0 because its p+2 = 0 and 4-1; =0. 
The series found therefore terminates before any negative powers of 2 are intro- 
duced. It is clear that none of these values of A, can be infinite unless the quad- 


ratic (II.) has two integral positive roots, and then only ifa>8. Even in this case, 
if it should happen that 


GAg+11+(a+2) A.+2 mri ( scons its eereecoerores perevesee (IV.), 


256 Dr. H. J. Routh on some Properties [April 2, 


19, The constants A and D in the scale of relation will have the 
same sign if their product is positive. This will be the case provided— 


(1) f/ «a is positive, greater than zero, and numerically greater 
bf [a—2g 
than +~/—_= 
a (b?—4Aac)?’ 
(2) The factors of az’+ba+c are real. 


Following the same reasoning as before, we see that the functions 
X,; +1, X,, &c. resemble Sturm’s functions. The roots of each are 
therefore all real and separate, or lie between the roots of the function 
next in order. 

The conditions may also be expressed by making both the ex- 
ponents (viz., pand q) of the value of R given in Art.8 to be positive. 
From this we infer, as in Art. 16, that the roots of X, =0 are not 
only real, but lie between the roots of ax*+be+c = 0. 

These theorems concerning the second solution may be deduced 
from those for the first by using the transformation given in Art. 4. 


On the value of | > (x) Xp X,, dx. 

20. We next propose to examine under what circumstances the 
equation | ¢ (x) X,,X,de=0 may be true, and to find the value of 
{ (#) Xi.dx, where ¢(«) is some known function of #. 

The differential equation considered is 


a? d 
2 ee Y = 
(ax’+bae+c) qe t Sets) Sa ies 


then 4, becomes arbitrary instead of infinite. Putting 4, =0, or giving it any 
value we please, we then find 4,-), d4,-2... 49 by the formule (IV.). When this 
condition happens to be satisfied, the differential equation (3) has two solutions in 
positive integral powers of z. 

As an example, consider the differential equation 


dy dy 
1-2 ~—£42(1—f)y = 0. 
Loe) lt te) oe Alay) =O 


Here the quadratic leads to m=2 or m=f—1; choosing the former, we find, without 
difficulty, y = A[(f—-1) (f—2) a? 4+ 29 (f-1) ¢+f—24+97]. 


If g=0 and f = 2, this value of y becomes y = B(a?+1) or y = Cx, according as we 
absorb the f—2 or the g into the arbitrary multiplier. If g = 0 and f= 4, the 
value of y becomes y = 2.4 (3x7+1). All these are easily seen to be solutions. 
Holmgren (to whose paper the writer had a reference) has shown that the equa- 
tion (3) admits of two integral solutions when (in our notation) a, 8, and 
4 (a—B—1+ 9) are all positive integers, a being > 8. In this case, the solution 
derived from the greater root may be written as an *® differential in the form 


Tales cys) Ga) ee c= |. 


dx 1 Fed 
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where h is a function of n. Writing m for n, let z be the correspond- 
ing value of y. We then have 


d*z CE 
2 ae ae mai 
(ax? +be+c) qe t fet9) mt 0 
We easily find (as Laplace does in treating of his functions) that 


: dz d’y dz dy 
_ — 2 ——— FY — —- — 7 — }, 
A IN CS A (y 0 nd) +Ge+9) (y dx a) 


We now multiply both sides by the integrating factor of the right- 


hand side. This factor is easily seen to be a a a where Jt has 
aw’ + be+c 
the same value as before (Art. 8). We then have 
Tt dz dz a 
vo nem (vt 
Us 1) | ye eee eel ae |: 


where both sides are to be taken between the same limits. 


21. If we adopt as our values of y and z those given by the first 
solution as analysed in Art. 13, we write for y and z their values 


2 4 
y= Here G, (e), 


_ ve +bete 


: R 


Ga (a): 


The right-hand side of the equation will now become 


(aa + ba+c)? { ag) @ Gm (8) dG, (2) i 
yee Gy (x) er Gin (#) ERs 


Since the G-functions are all integral and rational when m and n 
are positive integers, we see that this will vanish when the roots of 
av’ +ba+c=0 are real, and the limits are chosen to be those roots. 
It is, however, also necessary that the exponents of the two factors of 
fi should not be so large as those of the corresponding factors in 
(aa’+ba+c)*?. This requires that each of the exponents, viz., p and 
q, which occur in Ff (see Art. 8), should be algebraically less than 2. 
These conditions are the same as those given in Art. 17 as the con- 
ditions that the roots of the function G («) = 0 should all be real. 

The proof requires that h and h’ should not be equal except wheu 
n=m. Referring to Art. 3, we see that in the first solution 


h= (n+1) {f—(n+2) a}. 


Writing m for n to obtain h’, it follows that h’= h only when n =m 
VOL. XVI.—NO. 249. 8 
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andn+m=f/a—38. But this latter case cannot occur for any un- 
equal positive integral values of m and n, because we have already 
assumed in Art. 15 that 4—f/a is positive and greater than zero. A 
similar remara applies when we use the second solution in the next 
article. 


22. If we adopt as our values of y and z those given by the second 
solution as analysed in Art. 18, we see that the right-hand side of the 
equation arrived at in Art. 20 becomes 


dX dX 
= R{ he —x,, ), 
da da 


Now the functions X,, and X,, are integral rational functions of'# when 
nm and are positive integers. Hence the right-hand side is zero if 
the roots of az*+bx+c = 0 are real and those roots are taken as the 
limits. It is necessary that the exponents of the corresponding 
factors in the value of & should be positive. This will be the case 
whenever the conditions that the roots of X, =0 should be all real 
(given in Art. 19) are satisfied. 


23. Summing up, we see that, if y,, and y, be two values of y corres- 
ponding to two positive integral values of the parameter in either the 
first or the second solution (Arts. 3 and 4), then 


[y y, td = 9 
mYn ax+be+tce y 


if the limits are the roots of az’+bx+c = 0, provided those roots are 
real. It is also necessary that the indices of the factors of R should 


2 2 
be such that, when we use the first solution, (ov tPetey vanishes 


at each limit; and, when we use the second solution, R vanishes at 
each limit.* 


* We have seen that the conditions necessary that fo (x) Xm X, dx = 0 are the 
same as those that all the functions X, should have their roots real. The reason 
for this identity will be better seen by the help of the following theorem, which may 
be used for functions more general than those to which it is here applied. 

Theorem.—I/f X,, be an integral rational function of x of n dimensions, such that 
{¢ (x) X, X,, dv = 0 for all positive integral values of m less than n, then the roots of 
the equation X, = 0 are ali real and lie between the limits of integration. It is supposed 
that the limits of integration are fixed, and that (2) is finite and keeps one sign be- 
tween those limits. : 

For, if possible, let X, = 0 have a pair of imaginary roots, or a real root which 
does not le between the limits of integration. In either case, X, has a factor which 
keeps one sign between the limits. Let f(x) be the remaining factors, then it is 
obvious that f(#) can be expanded in a series 


J (x) = a Xo +0, X, + oe FOns1 Ane]: 
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24. To find by a general method the value of | ¢ (2) Xda for any 
limits which make @ (Cyr kar ae Oe == 0: 
We have, by the scale of relation as given in Arts. 10 and 12, 


A, Xnyot (B,+ Ce a) AyD. Xe — 0, 


where A,, B,, C,, D, are functions of n, but not of w Multiply this 
equation by X, ¢ (x) and integrate; we find 


O,,{ 2 6 (#) X, Xuurda+D, fo (ae) dx =0. 


Now write (n—1) for n in the scale of relation, and multiply by 
p(w) X,,,;. We find, after integration, 


Az1{ p (a) Xe dx + Cai } v p (x) IG; D.G 75) dat —— 0. 
We immediately deduce ) 


C,, 
D,, 


[9 (Gy) X02 = Gast F (a) X,, dav. 


n-1 


From this, by continued reduction, we have 


CA weld eee el, # (#) ae 


25. Taking the second solution first, the value of | 9 («) X; dx may 
be found in gamma integrals. Thus, putting P=az’*+be+c, we 
have, by Art. 18, 


eer R (fetg\*,,_ | fetg 
[o@) X de oral ea) ta=(P*Lan, 


by the definition of R given in Art. 8. Now, substituting for 2 from 
that article and remembering that p and q are positive (Art. 22), we 
get, after an integration by parts, 


A 1 
| @ (x) Xi de =— Z (A—p)i le [ (2—1)? # dz. 


In the same way we find for the first solution 


| @ (#) X,dx = 





0 


- a 


Here (as in Art. 21) we have supposed that p and q are less than 2. 


Now the product ¢ (z) f(x) X, keeps one sign between the limits; hence every 
term of the integral So (x) f (xv) X,dx has the same sign. But, by hypothesis, if'we 
substitute this series for f(x) we see that the integral vanishes, which is impossible. 

8 
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The Generating Function. 
26. We have, by Lagrange’s theorem in the differential calculus, 


u=atto(u), 
FW) = FO) bet a Te (gn) f (@) the 


Differentiating both sides with regard to ¢ and substituting for du/dt, 
we have 
f (u)o¢(™) (uw) (u) phe ae n+] 
1—t¢'(u) ot Tea ay if (bc 
In the first solution we put f (7) = 1/R and ag (u) = au? +but+e. 
Hence, if R (uw) be the same function of w that R is of w in Art. 8, we 
have | 


aw + bute 1 pe Rt ae (= bboteyt 1 1 
R(u) a—t(2au+bd) eeu Im da® a fi aya 
In the second solution we give # (uw) the same meaning as before, and 
put f’ (v7) = R (aw’*+be+c)~*. We find 
n n 2 
R (u) 1 ore), +52 (2 athe 


n-1 
ee ee R+&c. 
au + bu+ca—t(2au+b) In da" Mie 


The coefficients of - on the right-hand sides of these equations are 
n 


the values of X, given in Arts. 13 and 18 for the first and second 
solutions. We must, however, not forget to multiply both sides of the 


ax’ + be+te 
ak 


equation by the factor in the case of the second solution. 


The left-hand sides of these equations are therefore known functions 
of ¢ which by expansion give the two values of X,, 


27. If we substitute for wu its value given by the quadratic at the 
beginning of this article, we have an expression for the generating 
function which is free from all integrations, and which takes different 
forms when we substitute for R(w) the various forms given in 
Art. 8. 

To take a simple illustration, let the equation be given in the form 


(Art. 2). 
(1a) 4 + (forty) + hy = 0, 


and let us adopt the second solution, y= X,. Then X, is the 
coefficient of ¢” / Zn in the expansion of 


i —4axt+ 477)3 —(1- =| a ae 2¢+ (l—4at+ call 29 1 
( 


202 (1 — 2) l+x 1—4at+40)3 
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Special Cases. 


28. The special case in which a = 0 presents some interesting forms, 
partly because the expression for J now contains exponentials, and 
partly because the values of Mand Nin the scale of relation (Art. 12) 
are both infinite. The differential at is 


(ba-+0) Y+(forg) w i thy = 0. 


Here R= (ba+c)’e*!’, where p= wor, 


We shall suppose that f and b are not zero. 
In the first solution (Art. 3) we have h = (n+1)f, 


RS a (ba+c)"*} es 


= -fz [bo wees <\" b n+1l-p 
ee emer ¥ ( Tee cn 


Putting X, for this value of y, the scale of relation is 
Xnsat {fetg—2 (n+2) db} X40 (n4+1)(n+2—p) X, = 0. 
In the second solution (Art. 4) we have h = —njf, 


ba+e d” 
R dx" 


Putting X,, for this value of y, the scale of relation is 
Xnia—{fetgt2 (n+1) db} Xi td? (wnt+1l)(n+p) X, = 0. 


From these scales of relation the other properties follow without 
* difficulty ; provided in the first case p < 2, and in the second case p is 
positive. 

These scales of relation may be deduced from the general form given 
in Art. 12 by expanding the coefficients in powers of f/a. They may 
be obtained independently by the process explained in Art. 10. 





n-1 pend l- es 4 tens 
(be+c)”"* R= (ba+c) (Ll +=] (ba+c) ‘ 


a 


29. Another interesting special case occurs when a = 0, 6=0, c=1. 
Taking the first solution, we have 
R= err y= GQ" a-tft-ge xen 
da” 
The scale of relation is 


Xnsat(fot+g) Xnsit (n+l) fx, — 0. 


Theorems similar to those proved in the general case follow from this 
scale of relation. 

Other special cases occur in which the function Hf has a peculiar 
form,—such, for instance, as that in whicha = 1, b=0,¢= 
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On the Flow of Electricity in a System of Linear Conductors. 


By Professor J. Larmor. 
[Read May 14th, 1885.] 


1. The analytical determination of the currents that are set up by 
given steady electro-motive forces in a system of linear conducting 
bodies has been treated by Kirchhoff,* who takes a separate variable 
to represent the current flowing in each branch of the system. 





* Pogg. Annal., Bd. 72, 1847; Gesammelte Abhandlungen, pp. 22—23, 
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Maxwell has given a discussion* in which the number of variables 
is reduced by the equation of continuity, which requires that the total 
current flowing into any junction is equal to the current flowing from 
that junction; he takes as variables the potentials of the junctions. 
This method regards the system as a compound conductor, into which 
currents are introduced from without; and it gives symmetrical 
expressions for its resistance measured between any two corners. 

We may also express the phenomena in terms of a series of currents 
flowing in closed circuits whose number is sufficient to completely 
determine the system. This specification by closed currents is more 
fundamental in character. When the strengths of the currents are 
variable owing to electro-magnetic action, this method is the only one 
very conveniently applicable. For we have, to express the electro- 
kinetic energy, the ordinary quadratic function of the currents in the 
separate circuits, the coefficients of which are the coefficients of self 
and mutual induction of those circuits; and these coefficients are just 
the quantities that can be most easily determined by known methods of 
calculation or experiment. Noris the facility of application disturbed 
when condensers are included in the system. | 

In the second edition of Maxwell’s Hlectricity and Magnetism, there 
are two insertions from his lecture notes (§ 2826, § 755, on the theory 
of Wheatstone’s Bridge with steady currents, and on the same applied 
to the determination of coefficients of electro-kinetic induction) which 
point to this mode of treatment; so that it is likely that the recon- 
struction of these two theories which (Preface, p. xvi.) the author 
contemplated would have had some reference to it. 

It is proposed to develope concisely the principles of this method of 
investigation. 


2. Consider first the case in which the conductors form a simple net- 
work. We may take for circuits the separate meshes of the network, 
and, if we suppose a barrier drawn across each mesh, we obtain a 
quasi-polyhedron whose faces are formed by the barriers. Let S, H, F’ 
denote the number of its summits, edges, and faces, respectively. It 
is obvious that only F'—1 of the circuits are independent, for we can 
represent the current round the remaining face by a system of equal 
currents round each of the others, just as Ampére replaced a current 
in a finite circuit by equal currents in a system of infinitesimal circuits 
forming a network bounded by the original one. 

This number /'—1 of independent variables is necessarily in agree- 
ment with the results of Kirchhoff’s method. For there are H branch 


* Elec. and Mag., I., §§280—82. Also Chrystal, Encyc. Brit., Art. Electricity. 
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currents, subject apparently to S conditions of continuity, but really 
subject to only S—1 independent conditions; because the sum of all 
the currents flowing into all the junctions is zero—without any con- 
dition, as each current flowing into one junction must flow from 
another. There are therefore H—S+1 independent variables, which 
is equal to the preceding estimate ’"—1 by virtue of Huler’s relation 


S+F = #H+2. 


This discussion throws light on the general case in which the con- 
ductors do not form a simple network, and a conductor may therefore 
necessarily belong to more than two independent circuits. To select 
a proper system of circuits, begin with any one, and suppose a barrier 
surface drawn across it; select a second, and suppose it also closed by 
a barrier ; and proceed in this way, subject to the condition that the 
barriers do not disturb the singly continuous character of the space 
by forming a closed boundary round any portion of it, 7.e., by making 
it periphractic. The process will terminate of itself when there is no 
conductor left which is not abutted on by a barrier. 

But, having thus secured that the space bounded by the barriers 
is not periphractic, it must also be made certain that it does not 
possess any character of multiple continuity (cyclosis) ; 7.e., any closed 
circuit drawn in the space must be capable of being contracted to a 
point without cutting through any of the barriers. The space bounded 
by the surface of an anchor ring is thus doubly continuous, since, to 
secure simple continuity, it is necessary to draw a barrier surface across 
the opening of the ring if the outside space is considered,—or across 
the section of the ring if the inside space is in question. The nature 
and necessity of this proviso will be made clear by considering again 
the simple network of this section. We may imagine the system of 
barriers as forming a continuous sheet; and the removal of one of 
them will make a hole in this sheet, through which a degree of cyclosis 
is established. Itis clear from these considerations that every degree 
of cyclosis implies the absence of a necessary independent variable, 
which can be supplied by adding a new barrier closing the correspond- 
ing circuit. 

With a notation corresponding to that given above for a network, 
we have in this case for the number of independent circuits the value 
’, which must on Kirchhoff’s principles be equivalent to H—S+1; 
and we thus come upon the theorem that for a polygonal system of 
barriers which does not impair the singly continuous character of the 
space, by either periphraxy or cyclosis, 


S+F=H+1, 
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This is a particular case of Listing’s generalization of Euler’s theorem, 
now equally obvious, which asserts that, if the system of barriers 
divide space into & unconnected regions, each of them singly con- 
tinuous, then } 


S+F= H+E; 


for removing each superfluous barrier diminishes the number of regions 
by one. 

The general theorem, as given by Listing,* takes account of the 
corrections to be applied to this formula when the periphractic and 
cyclomatic numbers of the system are given constants, different from 
zero; but with these we are not at present concerned, though the 
ideas here employed would probably yield a simple method for their 
discussion. 

The particular case of the theorem at which we have arrived verifies 
the correctness of the method that has been given for choosing the 
independent circuits of the current system; and this plan of con- 
struction by barriers has the advantage of easily showing the precise 
amount of liberty there is in the selection of the circuits. 


3. Having thus selected the circuits, let them be denoted by the 
natural numbers 1, 2,3...%; the currents circulating in them by 
C,, CO, ... Cn, their resistances by F,, R, ... R,, the electro-motive forces 
placed in them by H,, H,... H, measured positive in the directions of 
the currents; and let also the current in the conductor pg which is 
common to the circuits p and q be denoted by C,, and the resistance 
of that conductor by ft,, and the electro-motive force placed in it by 
Hy,: 80 that we have 


Ry, = Fi + Bye + ates + Ryn $00 05.260 804.0 16 6 0.00 ves (GOy 
U0) E BETT) ERTS oy eps SORE ne ean a (2), 


II 


The signs in this last relation are determined in each special case by 
the directions of the component electro-motive forces as compared with 
H,. In the case of a simple network we can secure that the positive 
directions of circulation of all the currents as seen from one side of 
the network shall be the same, and we shall then have also relations 


of the form 
CO es ee nc oh svg d oneen geass ieee k Ole 


But, when the system does not form a simple network, the same con- 
ductor may be common to three or more circuits, say pgr ...; and then 


* J. B. Listing, ‘‘ Der Census raiimlicher Complexe,’’ Géttingen Abhandlungen, 
Band x., 1861-2. 
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the current in that conductor is denoted by Cog or C,, or Og, where, 
the signs being properly determined, 


CaP er Oe OREO: (tn ee (4). 


It will not be necessary to have an explicit notation for the case in 
which more than one conductor is common to two circuits. 

With this notation, the expression for the heat generated per second 
by steady currents in the conductors can be obtained as follows: 


Til aay DO 


PQ? 
the summation extending over all the conductors of the system, 

=> Fey, (C,— eM 

= RO; Osa 

ae a Up Og nt Win aep ess eee 

the latter signs being all negative for a simple network; while for any 
other case the rule is that, when O, and C, are taken to flow in the 
same direction along the conductor pq, the sign of the corresponding 


term is positive. Terms involving products of all pairs of contiguous 
closed currents are included in the expression. 


4, The theorem connecting the electro-motive forces with H may 
now be investigated by the method common to all analyses which turn 
upon quadratic functions of this kind. Let accented letters denote 
any other system of electro-motive forces and corresponding currents 
imposed upon the same system of conductors: then we have 


x0, Fy 
= BC yq ep » 
where e,, represents the total gradual fall of potential along the con- 
ductor pq in the direction of the current C,, , 


=> ae by Ohm’s law, 
Pq 


= 3C,H,, by symmetry. 
Therefore, if C, = C,+6C,, H, = H,+6H,, we have 


IRS Hg Pig Ol ao en ys grees aa ene bas ta ee 
Now Ws beam SB EB 
therefore oH = 20,0H,+2H, 60). 


Hence finally, by (6), 
SH = 23H,00,, 
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or, proceeding from finite increments to infinitesimals, 


dH dH, 
ae AY 
dC, a ate 





w here H, is H expressed as in (5) ip a function of C,, C,, .... 

Again, when, by means of (7), C,, C,... are eliminated from the 
expression for H, in (5), we have for H a ae function H, of the 
electro-motive forces, and then 

iH, 


2CaAB 
dH, 2 P? 


aH, 

ili, eoteal RANA a ge gis ss anes ee Ch) 
5. The equations (7) are the linear system to which we are led for 

the determination of the currents, Writing them i in full, we have 


Reape ep een, Ooas Te 
— f,, O,4+ Rk, C,— Fees 0; ooo — R.,,C;, = H, 


a symmetrical system, in which the proper signs are here supposed to be 
given to the f’s with double suffixes, viz., all positive in the case of a 
simple network, and in other cases according to the rule already given. 
The solution can be expressed by symmetrical determinants in the 
ordinary manner, and by means of (4) we can obtain at once an 
expression for the total current in any separate conductor. 

We may thus also obtain the condition that an electro-motive force 
in one-conductor may not give rise to a current in a certain other. 
But for such purposes it is more convenient to employ the reciprocal 
expression for H in terms of the #’s. To obtain this, proceed in the 
usual way, by joining on to (9) the equation 





Hie Ghee t artes tpl alg Ele Sr ccey st cnecan saninacee (10), 
and by linear elimination we find 
ee hae 2 
Sr eee he. — hy, H,.| 
LES Ts) oo aes a (11), 
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in which A is the discriminant of the expression for H,, 7.e., is the minor 
of the last (zero) constituent of this determinant. 


We may write this quadratic expression in the form 
H, = K, Ei +K, Ei + s.+-K,E 
+ 2hig HW tae Hs Hg xe “nee secavbassaes (12), 


in which K,, Ky, ... are immediately written down as minors of the 
determinant A. We have then, by (8), 


K, H,+K,, #,+K,7,+...+, #, = C; 
Ky BE, +k, B+ Ky, Higrt a pe Cy ee atanaes (18). 


The constants K,, K,,... are clearly coefficients of conductivity. 


Now suppose the only electro-motive force considered is H,, in the 
conductor pg. If this conductor abuts on two circuits only, we have 
H, = +H, = H,, and the other H’s zero; if on three or more, we 
have H, = +H,= +H,=... = H,,, in which the signs have been 
predetermined ; while, if it abuts on only one circuit, we have only one 
fundamental H. To determine the current in the conductor lm, we 


have Cig a Gy ae ee ee ee a er eee (14). 
We find thus, by (8) or (18), 

K, +& KK, + Ky, ... 
te (Kinp King HE Kip vce) Peveneeeeeeenaes (15), 


Cm — TORS 
( + (Ky + Kung & Ky... ) 


which reduces, for the case of a simple network, to 
Oi a me ee a) eae eee (16). 


We conclude that an electro-motive force in pq will produce no current 
in Im if the coefficient of H,, in this result is zero; and, as the 
coefficient remains unaltered when lm and pq change places, we see 
that equal currents are produced in either conductor by unit electro- 
motive force in the other. 

The two conductors are therefore conjugate to one another if this 
coefficient is zero. ; 

These results are of the same general form as the ones obtained in 
Maxwell’s investigation ; and the similarity is intelligible when it is 
remembered that the two investigations are in a sense reciprocal to 
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each other, the variables in the one case being related to the corners 
and in the other case to the faces of the diagram. 


6. A simple case is that of the six con- 
ductors of Wheatstone’s Bridge,* which form 
a network, as in the diagram. We have, by 


3, 2 2 2 . 
S Hp — f, 0. +n, O.+-f, 0. —2R,,.0, 0, 
LON PAA Rem eM ar ee (17). 
The reciprocal function is 
H=- dbs fi, —Ry, — fy; Hi, 
: A 
SH A Ea (18), 
—h, —R, BR, H; 
14 on PAY 


1 
= — {(B, By—F,,) Ei +...+...—2 (By ys — BP, Ry) BB+. +...} 





A being the discriminant of H,. 


The coefficients in this expression for H, are the conductivities of the 
system. The coefficient of H, represents the current in H, that would 
be produced by unit electro-motive force in H, alone; the coefficient of 
H, H, represents double the current that would be produced in either 
circuit H, or H; by unit electro-motive force in the other one alone. 


7. The form of this analytical theory is exactly analogous to that 
of the theory of initial motions in a system of bodies. We have there- 
fore an analogue of Sir W. Thomson’s theorem of least energy with 
certain given imposed velocities ; and also one of Bertrand’s theorem 
of greatest energy with certain given imposed impulses, subject to the * 
condition that the only allowable variations of the motion are those 
caused by pure constraint, or by such other impulses as do no work in 
the process: viz., we have the theorems— 


1°. When given currents are introduced into a system, they dis- 
tribute themselves in such a manner that the heat developed in the 
conductors is the least possible. 


2°, When given electro-motive forces are introduced into a system 
of conductors, the heat actually generated by the currents is greater 


* Maxwell’s Elec. and Mag., Vol. t., 2nd ed., §§ 282b, 847; Elementary Electricity, 
p. 206. 


270 Professor J. Larmor on the Flow of [May 14, 


than it would be if any of the conductors were removed* ; for the re- 
moval of a conductor is equivalent to the introduction of such an 
electro-motive force in it as reduces its current to zero. 


8. The general theory of linear conductors, and the conjugate 
relations involved, clearly apply also to cases in which the conducting 
system is partly linear and partly continuous in other dimensions. If 
the system include any continuous conductor (with or without helical 
property) with a number of electrodes on its surface, we can replace 
that part of it by a system of linear conductors of the proper re- 
sistances connecting all the electrodes in pairs,—their resistances be- 
ing determinable by calculation or experiment from the shape of the 
conductor. For, from the linearity of the law of conduction, it is 
permissible to suppose different current systems. 

Again, we can imagine a continuous conductor such that in its ulti- 
mate structure it is composed of a thicket of interlacing conducting 
filaments whose cross-sections are negligible in comparison with their 
lengths; though this will not, of course, be a probable representation 
of the constitution of an ordinary conducting solid. We can show 
that, for a small right-angled element of such a bedy, the equations of 
conduction will be self-conjugate; 7.e., there will be no helical co- 
efficient. For suppose (for purposes of analysis) such an element cut 
out of the solid, and its faces backed up by six perfectly conducting 
plates, and the opposite pairs of faces connected by conductors of no 
resistance in which electro-motive faces 1,, H,, H, are placed. We 
shall then have a linear system, in the sense of the above theory ; and 
H, will be a quadratic function of these three electro-motive forces ; 
and the corresponding currents across the faces of the element will be 
derived from H, by differentiation, according to (8), with respect to 

H,, H,, E;, which proves the proposition. 


9. It remains to indicate briefly how the method here used may be 
applied to the general case of currents variable owing to electro- 
dynamic action or to the gradual charge of condensers whose terminals 
are connected with the system at given points. 

We may treat such a condenser as a branch of the system whose 
resistance is infinite; or, if we make allowance for the small degree of 
conductivity which may exist between its faces, it will be a conductor 
of resistance very large. 

As the currents are now variable we shall want to change their 
notation. Let 2,, a,...%, represent the integral currents that have . 


* Lord Rayleigh, Phil. Mag., Vol. xuvut., 1875. 
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flowed round the specifying circuits from the beginning of the motion ; 


then, with the usual fluxional notation, Xs Lo, arg np will represent the 
currents in those circuits at the instant considered. 

Following the notation of §3, let 7s denote a condenser branch ; if 
k,, denote the capacity of the condenser, the energy stored from the 
system in its charge and in the charges of the others, if any, will be 


WEES a, re Ihe. Bye Cyt wwe)? creeeesreueeees(20) 

by (4). | | 
The electro-kinetic energy due to the motion of the conductors will 
MG T= 3M, a ERM eat ee + Migity ty tose cecsseseneeeene (Ql), 


where M,, M,... are the coefficients of self-induction of the respective 
circuits, and M,,,... are the coefficients of mutual induction of the 
different pairs of circuits. 

If there is any part of the electro-kinetic energy due to the influence 
of external fixed systems, it will be represented by a function of 


21, @q ... of the first degree, which must be added on to 7. 

[In the general electro-kinetic theory mentioned below, the 
coefficients of this linear function will involve constant electro- 
kinetic momenta whose corresponding variables have been eliminated 
from the expression for the energy; and we shall thus have an 
example of the general dynamical equations with ignored co- 
ordinates.* | 

The expression for the amount of energy that runs down into heat 
per second, owing to the resistances of the wires, is, as in (5), 


TER an, Piles Fe toc) Wise, yee ecco (22) 


And we have also the ordinary quadratic function for the kinetic 
energy @ of the masses of the system in terms of the generalized 
velocities. 

From these four expressions the equations of the currents 2, 2, ... 
may be found by the principle of energy (as used originally by Helm- 
holtz and Sir W. Thomson) combined with Ohm’s law of currents; 
and it is well known, as Maxwell has shown, that these equations are 
the same as those of a purely dynamical system, of which a, x, ... are 


additional coordinates, «,, #,... the corresponding velocities, T the 
corresponding part of the kinetic energy, — V the corresponding part of 


the potential energy, and H the corresponding dissipation function of 
Lord Rayleigh. 





* Thomson and Tait’s Natwral Philosophy, Vol. 1., Part 1., p. 320. 
t Proc. Lond, Math. Soc., May, 1873; Theory of Sound, 1., § 81. 
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The equations of the currents are, then 


lau 
IS 
| 
IS 
| 
|~ 
= 
| 
= 
emcee, 


ae tS ore 


dt dd, do, d0, 
J 


where U is the potential energy of the masses of the system, and 
6,, 0, ... their generalized coordinates. 


June 11th, 1885. 
J. W. L. GLAISHER, Esq., F.R.S., President, in the Chair. 


Professor J. Larmor was admitted into the Society. 

Mr. Basset read a paper On the Potential of an Electrified Spherical 
Bowl, and on the motion of an Infinite Liquid about such a Bowl ; 
upon which Professor Larmor made some remarks. 

My. H. B. Elliott communicated a short paper by Mr. L. J. Rogers, 
entitled: Note on the Porism of the Inscribed and Circumscribing 
Polygon. : 

Mr. Kempe make a brief communication On Pairs of Collinear 
Points. 

A paper by Professor A. Mannheim, “ Liaison géométrique entre 
les sphéres osculatrices de deux courbes qui ont les mémes normales 
principales,’ was taken as read. 


The following presents were received :— 


‘Educational Times ’’ for June. 

‘¢ Physical Society Proceedings,’’ Vol. v1., Part 4, Jan. and Feb., 1885. 

‘** Royal Dublin Society, Scientific Proceedings,’’ Vol. rv. (N. 8.), Parts 5 and 6; 
‘‘ Scientific Transactions,’ Vol. m1. (Ser. 11.), Parts 4, 5, 6, and 7. 

‘‘A Memoir on Biquaternions,” by Arthur Buchheim, (from the American 
Journal of Mathematics, Vol. vit., No. 4,) Quarto. 

“‘ Johns Hopkins University Circulars,’’ Vol. 1v., No, 39. 
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«¢ Jahrbuch iiber die Fortschritte der Mathematik, &c.,’’ B. x1v., Heft 3; Berlin, 
1885, 

*¢ Beiblatter zu den Annalen der Physik und Chemie,’’ B. rx., St. 5. 

‘¢ Bulletin de la Société Mathématique de France,’’ 'T. x11., No. 3. 

‘*« Bulletin des Sciences Mathématiques,’’ T. 1x., June 1885. 

‘¢ Jornal de Sciencias Mathematicas e Astronomicas,’’ Vol. v1., No. 1; Coimbra, 
1885. 

‘¢ Journal fur die reine und angewandte Mathematik,” B. xcviu., H. 3; Berlin, 
1885. 

‘* Atti della R. Accademia dei Lincei—Rendiconti,’”’ Vol. 1.,F. 11; ‘‘ Memorie,”’ 
Vols. 14, 15, 16, 17. 

“United States Coast and Geodetic Survey—Method and Results, Determinations 
of Gravity at Stations in Pennsylvania,”’ 1879-80, Appendix No. xrx.; Washington 
Government Printing Office. 


Inaison géométrique entre les spheres osculatrices de deux courbes 
qui ont les mémes normales principales. Par le Professeur 
A. MAnnuHerm. 

[Read June 11th, 1885. ] 


Soient (a), (a’) les courbes qui ont les mémes normales principales, 
aa une de leurs normales communes, « le centre de courbure de (a) 
et « le centre de courbure de (a’). 


Le centre o de la sphére osculatrice de (a) en a étant connu, on demande 
de construire le centre o’ de la sphére osculatrice de (a’) en a. 


Cherchons d’abord comment, au moyen du point o, on peut con- 
struire ena la tangente a la courbe («) lieu des centres de courbure de 
(a). les plans normaux a (a) enveloppent la surface polaire de cette 
courbe. L’aréte de rebroussement de cette surface développable est la 
courbe (0) lieu des centres tels que o. Développons cette surface 
polaire sur son plan tangent le long de sa génératrice «0; les points 
de (a) se réunissent alors en a et la transformée de (@) est la podaire 
du point « par rapport 4 la transformée de l’aréte de rebrousse- 
ment (0). 


“ 


La tangente en « a cette podaire est la perpendiculaire at, a la 
diagonale «n du rectangle azon; mais cette tangente est aussi la 
tangente en « a la courbe (~) ; donc: 

VOL, XVI.—250. 1 
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La tangente en « a («) est la perpendiculatre at a an. 





Appelons (Sy) la surface formée par les normales principales com- 
munes aux courbes (a) et (a). Le plan normal en a a (a) est normal 
en ce point a (Sy) et touche cette surfaceau point «. Le plan normal 
i (a), au point de cette courbe infiniment voisin de a, touche (Sy) au 
point de («) qui est infiniment voisin de «. Ces deux plans normaux 
infiniment voisins se coupent suivant «o et la droite qui joint les points 
ou ils touchent (Sy) est af; donc: 


Les droites at, «0 sont deux tangentes conjuguées de (Sy). 


On connait pour le point « de (Sy) les deux tangentes conjuguées 
at, wo et la droite «a qui est une des asymptotes de l'indicatrice de 
(Sy) en «; il est alors facile de construire lautre asymptote de cette 
indicatrice. Il suffit pour cela de joindre le point a au point milieu 
du segment ot, qui est paralléle 4 ea; ou encore, d’élever du point a 
une perpendiculaire 4 la droite «J qui passe par le point J, milieu 
de an. 


On voit ainsi comment la connaissance du centre o de la sphére 
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osculatrice en a a (a) entraine la connaissance de l’asymptote de l’in- 
dicatrice de (Sy) au point «, centre de courbure de (a). 


Inversement, la connaissance de cette asymptote permet de construire 
le centre o. Nous n’avons d’aprés cela qu’a déterminer l’asymptote 
de lVindicatrice de (Sy) en & pour obtenir le centre o’ de la sphére 
osculatrice de (a’) en a’. 


Les asymptotes des indicatrices de (Sy) en a et a’ sont les tangentes 
en ces points a (a) et (a). Nous connaissons alors les asymptotes des 
indicatrices de (Sy) aux trois points a, a’, « eb nous pouvons construire 
Vasymptote de Vindicatrice en un point quelconque de aa’. Toutes 
ces droites appartiennent, en effet, 4 un méme hyperboloide qui est 
Vhyperboloide osculateur de (Sy) le long de aa’. 


Effectuons les constructions en faisant usage du plan (P) mené du 
point a perpendiculairement 4 aa’. Ce plan contient déja l’asymptote 
de l’indicatrice en a, il ne coupe plus alors Vhyperboloide osculateur 
que suivant une droite D. Cette droite D est le lieu des traces sur (P) 
des asymptotes des indicatrices de (Sy) pour les points de aa’. Soit 
s la trace sur (P) de asymptote de lindicatrice ene. Menons de s 
une paralléle 4 l’asymptote relative au point a’, c’est a dire 4 la tan- 
gente en a’ a (a). Nous obtenons ainsi la droite D. L’asymptote re- 
lative au point @ est dans le plan tangent en ce point a (Sy), c’est a 
dire dans le plan normal en a’ 4 (a@’). la trace de ce plan sur (P) est 
alors la perpendiculaire as’ abaissée du point a sur D, et la droite a's’ 
est Vasymptote de l’indicatrice de (Sy) en «. 

Connaissant cette droite, il est facile de déterminer o. Pour cela 
on méne aw parallélement a as’, et, du point @’, dans le plan a as’, 
on éléve la perpendiculaire @l’ 4 a's’: ces deux droites se coupent en 
’. On prolonge le segment al’ de sa propre longueur jusqu’en n’ et 
Yon construit le rectangle n‘a’«’o’: le sommet o’ de ce rectangle est le 
centre de la sphére osculatrice demande. 


Nous avons ainsi une construction du centre o’; nous allons la 
simplifier aprés avoir fait remarquer, comme conséquence du tracé de 
ws, que la perpendiculaire abaissée du centre de courbure « sur le 
rayon ao de la sphére osculatrice rencontre sa en un point g qui est 
tel que ag est la moitié de as. On obtient de méme pour la courbe 
a un point g’ tel que ag’ et la moitié de as’. La droite gg’ est alors 
paralléle 4 D, c’est 4 dire 4 la tangente ena a (a’). Ona done cette 
propriété : 


Les perpendiculaires, abaissées respectivement des centres de courbure «, 
« sur les rayons ao, ao’, des sphéres osculatrices d (a) et (a’), rencontrent 
le plan, mené en a perpendiculairement % aa’, en deux points gy, g°: le tri- 


7 2 
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angle agg’ est rectangle en g’ et la droite gg’ est paralléle & la tangente en 
a a (a). 

Cette propriété, qu’on peut énoncer en employant un plan perpen- 
diculaire en a’ a la normale commune, établit une liaison géométrique 


simple entre les centres 0 et o’ qui permet de construire l’un de ces 
points lors qu’on connait l’autre. 


New Relutions between Bipartite Functions and Determinants, 
with a Proof of Cayley’s Theorem in Matrices. By Tuomas 


Muir, LL.D. 
[Read April 2nd, 1885.] 


1. A bipartite function may be denoted as in the examples, 








Tae | OF fe 9% | ky 
bared Us ha | fi I | ae 
by Cy | & e Dynes 
Fg, | h, by Cy | & 
Fa 92 | ky 
and Oy dehy ae a 





ON d, | & €, @s 
by da |i hy fh 
bs Cs ils 9 92 Ys 


the elements of the function being distributed in arrays, viz., (1) an 
initial one-line array of n elements, (2) any number of square arrays 
each of n.n elements, (3) a final one-line array of » elements; and 
the arrays being separated by bars, the first of which is parallel to 
the initial one-line array, and each of the others at right angles to 
the one preceding it. 

The ordinary algebraical expression of the function consists of all 
the terms that can be formed by taking the product of as many ele- 
ments as there are arrays, one from each, subject to the condition 
that the element to be taken from any one array must be in the same 
row or column with the element taken from the preceding array, and 
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in the same column or row with the element taken from the following 
array. Thus, 
CAG By oe 
DA 0B $54, + O52, + 4 W;,~ 
yy Yr, 2, Wy 
S (My Uy Oy Oy YH Yy % Wy) 5 


and a, a, 
= = ab, dy f, +4, d, defy + a,b, ef, + a by ea 


b | a dy + Oy 0 dy fy + Gy 0, dy fy + hy Cy ey fy + Oy Cy en fy « 


Use 6. be,” Gs 
fi fr 


2. A bipartite is expressible as a sum of products of two factors, 
each first factor being an element taken from the initial line, and its 
co-factor the bipartite of lower degree got from the original bipartite 
by deleting the initial line and those elements of the adjacent square 
which are not collinear with the said element. Thus, 








CO a NR 





WeGee deal” Cre Gor Gs 


b 
by C, dy | fi fo Ss 
bs Cs ds 91 92 Ys 


h, k, 4 baka is ode al 
Sn SS Ph ee ee 
CA On ee Grice a.m, €; ey es | dy 


hh fi Fs| b, fi ie fs Cg IEE Jaane 
91 9x 9s\ Ds Ji Go Ys | & 91 92 Is | as 


This recurrent law of formation is all that need here be given in 
regard to bipartites, the properties of which have been very fully 
dealt with ina memoir about to appear in the Transactions of the 


Royal Society of Edinburgh. 


3. One connecting link between the theory of bipartites and the 
theory of determinants has been pointed out in the said memoir; viz., 
that the elements of the determinant which is the product of n deter- 
minants are bipartites of the n™ degree. Thus, 





Gg, 4,0, ,4,4 
y B, 9 
APY. g/g Yq 433 Y3 


|G, Gl, as Gd, GM, as, 
ee ee A 
1 D9 Og} 1 Py Ps) = ) 2 2 

| | 119 V1 Gg Po V2 as [3 Y3 

| Cy Cy Cg ie) Gey § 


Qty Cg Cg Cg 0 Oy Cg 
a) 
171%, %Py7%_ 43 Bs Ys 
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and | ay by ¢5| «| a Pr 75] - | 1 Yo 2s | 
A, Ay As Divas Ci Cs Cs 





EEA REA IPERS CR /ER Sm 
fig Way at eee ead ys 4 Ys Gs “5 Ya 11s 
as Bs Y3 | 4 as Bs Ys | #9 4s Bs Ys | 3 


Our present object is to establish other relations connecting the two 
kinds of functions, and to make application of one of these relations 
to Cayley’s identity in the theory of matrices. 


4. Starting from the manifest identity 


Op ston lagen 
eI (a, +b,+¢,+ rer +1,) a, 
Ur) Ue Cry coe Uy 
= Oras aE | a, b, | + | a, ¢, | +...4+ ot ats 
and restricting ourselves, for convenience in writing, to the case 


where n = 4, we have 


Ay, Ag M3, A (Gb cet a, =—|a,b,|—| a, ¢, |—|a,d,| ...(a), 
A, by, Cy, Ay 


Sa EH — (ay bgt Gt dy) y= | 0641] O44 rere oeeneeeB), 


Ay, A, Ag, Ag —(a,+b,+0¢,+d,) a, = | Ay bs |—| As dy, | ATooOn oGu dor soc (y), 


dg, bs, C3, ds 


ou Sy Oy =# 4 — (a, +0, +0,+d,) a = | Oz by [P| as cy] esse eee ee (8). 


Cy, Dy, Cy, My 


If now we multiply both sides of these by a, b,, ¢, d, respectively, 
add, and, for shortness, write 2a, for a,+b,+¢,+d,, there results 


Gy, Ay As Ay 


— 1 Oe 4S a, = — {| a1 b. [+] ares | +] a d,|} a, 


Oa Cee Ogee Ay, by, Oy, dy 

Cah getenG, Gai +|0 a, a,|+/|0 a a| + |0 @ a, 
DT ah es b, b, bs b, b, b, GC NOsurts 
a, b, c, d, | d, Gigs 1 Cs d, dy dy d, ds dy | ; 


and this, by the addition of 
+] a, ¢,|+]| a, d,|+| by cs | +| bs dy|-+| c,d, |} ay 


or a, > | 2, | 


{| a, b, 
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to both sides, becomes 


a, a; Q, Qs, 2 U3, Uy 
= a b C d, a, ai ay, | ay b, 
a, tS Todt ba 


Ga, Ay Az ay 





a, b, | d, 
a, b, cy d, | 5, =| a,b, ¢,|+| a,b, d,|+| a, ¢,d,|...... (a). 
as bs cs ds | ¢, 

G0. C. 4a |s0, 


By using, instead of a,, b,, ¢,, d,, the multipliers a,, b,, ¢,, d,, and then 
proceeding as before, there results 


— ED G40, > |b, f= [oped | ve. (9°) 


Dev C, GO; 1d, -.%%) Da, Ca, dy 
ist Dal Gy) de Ds 
ds bs Cs ds | Cy 
a, b, cy dy | dy 


A, A, Ay Ay 


Similarly, we find 


A, A, As Uy 


——,  — enins a,+ a a, b. ae Ph eaneee (y), 
ay b, Cy d, Qs Asearhee ; »>, , 1 | ai 4 | 

fiz, .C, Oy | 05 

as Ce Ont Cs 

aoc, a, 

and 


_ Uyy Ags Mg, Uy 
Ag, Dy, Cay dy 


a+ a, > | a dy |= | ay ds & | ree aeeaes (0). 





Treating, in their turn, these four equations (a’), (3), (y’), (0’) as 
(a), (B), (vy), (6) were treated, the multipliers being a,, 0,, c,, d,, we 
obtain, on the left-hand side, 


Oy. Oy Oy Oy\o dO, Og C, fy A, A, As 


ek te i dat ay, Bg alas | 
AOC) al Oa aaile Oe Gv by aC, a}. ay Ay, by, c,d 

A, by Cy d, | by by bg bg Ay by Cy dy | Oy 

ds bs Cy ds | Cy Cy Cy Cy ds by Cs ds | G4 

a,b,  d, | d, d, d, d, a, by c, dy | a, 
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and on the right 


dy } | a by cg [+] a, yd, |+] a, ed, |} —| 0 ay ay ay 
| BTSs Os 
C, Cy C3 Og 
d, dy ds dy 
or hy {| Oy by Cy [+] a by dy | +] Oy Cy dy | +] by Cs dy} —] 2 by cy dy | 
so that we have the identity 


My Mls Og Lg | ly Dy Cy eg Oy gee, 


She 





yey Cy TL 1 My Fn 1g 0] ie nO fey lo) 
TER UIM Veh Ti PTD TR Tapes > Lompeees ey Tolys bow 
as bs Cz ds Cy Cy Cz C4 Os bs C3 ds Cy 
4 hy C4 dy, d, dy ds d, 4 by C4 dy d, 
+ A Sa Fy S| a, by |— a D> | ay by 05 | =—| 4 Bacy,| ... (2). 


ay, b,, C15 d, 


The three other identities related to this as ((’), (y’), (0) are re- 
lated to (a’) have their right-hand member 0. The four may be 
stated as one, and it is useful to do so in view of what is to follow. 
Taking, then, a,, b,, c,, d, as multipliers, we obtain, from (a’), (3), 
(y’), (©), the identity 





A, My My a | a, b, c, d, Ay Gy Os Ay 
ee Sa Se 
Gy Dy Cy dy b, by bg by A, by Cy dy | 0, 
Cg bs Cz ds Cy Cy Cg C4 Og bs Cg de Cy 
Age ee 
ry ee 8S | abs |— a, S| bye | = — | O Ay Ag 
Uy Ory Cry d, 
Dens GUs ave 
GU Ce eC ier 
ddd, gap 


}. It is instructive to compare the series of identities (a), (a’), (a’), 
and note the law of growth, so to speak. In the mature form (a’) 
the bipartite factors of the terms form a regular descending series; 
that in the first term being of the degree 4, and that in the last term 
of the degree 0; while the determinantal factors ascend from the 
degree 0 to the degree 4. In every bipartite factor the initial line is 
1, Gy, %, Ay, and the final line a,, b,, ¢,, d,. Further, all the square 
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arrays are alike ; so that, if we use asingle symbol, such as A, to stand 
for a square array, and annex to it a number to indicate how many 
square arrays there are, we obtain a very short and suggestive nota- 
tion for the particular bipartites here occurring. Thus, the theorem 
(a”) for the case of the sixth degree might stand as follows :— 


yy yy oy Oe | Gs Oy or Ah 
Ad 
a ea I lata ta SS 
A’ 
+ fey on ol ty by wal | a b, | 
yy Agy vey OG | hy by ori > ab: 6 
=) 


Dy fer en er ac 


am dy D>, | ay by 05 dy 6 | 
Bt | ay by Cy dy es,fy | = 0. 


Oy. Cavin ak 





oa 


There is a particular appropriateness in writing A‘ in preference to 
A, or any other form, for it is an important property of a bipartite 
function, that if we substitute for its group of square arrays the 
single square array got by multiplying them together as if they were 
determinants, and retain the original initial and final lines, the new 
bipartite is equal to the old. 


6. Let us now consider the quotient 


a4,—ev a a a 
b,—a bs b, 1 2 3 4 


| Ay 
cients Take ona ies die 


of which the dividend is the complementary minor of the element 
a,— of the divisor. 

If both be arranged according to descending powers of z, and the 
division performed, the result must evidently be of the form 


—«'—A,u-?— Aju —A,a-*— Aw °— Asa ®—.... 


Multiplying this by the divisor, which, if we employ 3a,, 3| a, b,| , 
with the signification above given to them, is 


¢—a® Sa, +073 | a, b,|— a3 a, by cs |+| a, by cs d,| , 
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or, for shortness, say, 
ai—a®S, +a7S,—273,+ ,, 
we obtain 


+ > +A,3,| +4A,3, +A,%, +A,3, +... 


SOS, eet yO en eae hse ane 
Sy) TRIS BRS I Sh. 


a x, —A, D2 eae 
which must consequently be equal to 
— 2° + (by +03, +4,) @° — (| by cy | +] b, dy | +] cs dy|) & +] by cy dy |. 
The coefficients of like powers of « being equated, there results 
—A,; +2,=),+¢,+d, 
—A, +4A,3,—- 3, =—|b,¢;|—|b, d,|—| cg dy |, 
—A, +4A,>,—4A,2,+2;= |b, c,d], 
—A, +A,3,—A,>,+4,2,—%, = 0, 
—A,+A,3,—A,3,+ A,3;—A,3, = 0, 


and hence, at once, by means of the identities (a), (a’), (a’), &c., we 


obtain 
A, = a, 


A — a, Qo, Qs, M% 
heme b d b] 
Hy, Oy, Cy, Ay 
ae a Sue sees TE 
(LUE 0, One 
Ay by Cy dy | 0, 


CetiOs bCat emi oy 


A, by cy dy | dy 
Oy Us Ue Cela, 0, c,d, 

Di a ce oa nah el letra 
CD WCraty Ot, ts at 
dg bg Cs dz Ci Cy Cy Cy > 
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Consequently, we have the result 


Ay —wv Ag As a, 
Cy Ce—& Cy = 


C= 
Hy Sus ts Ol iol eer Pema |e 


=9 2 Fe, Ops Ty <3 Ay hy Og Oy | a,b, ed, a! 
Ay, by, Cy, ay 


=-—2'—a,2 


_ 41 Ay U3 Uy | a, b,c dy oe 
A? me 
and may therefore look upon the quotient of the two determinants as 
the generating function of bipartites of the form 
Ge Gs Peal Op0n es dy 
Ae 
7. A series of identities similar to (a), (a’), (a”), ..., viz., 


ee — a, > b, = —|a,b,|—|a,¢,|—| a, d,|, 
1 C1, a 1 


ie, wh ie Ay, Az, A, 
as by +a by Cg} = > | a, by cs, 
Bea bs Pee eet Osada tao 
bs Cg dg | C, 


b, c, dy | da 
Ay ds a, | db, c A, Ay a3 Wy > b, 
b 





Dy. Cy dg | Ug+0, U, by, dau 0; 
bs Cs ds | Cy C3 C4 bs Cz ds | Cy 
Dae, de dy, ive on Cpa 08 
Ae 
eal C3 |— a, | by c,d,| = —|a, b, cs d,|, 


leads in the same way to the result 


oar 2 2 
Ay b,—x Cg d, 
a b C.—2 a 7 be Stas 
3 3 3 3 ; d 
4 C4 4 & 
gs ee O,0n fi, | UyC . dele | 6.6 
=~ ta, + Ee faa Fs gt Bieta} id 
C 
b, ¢, dy 


where D stands for the square array of the determinant | b,c; d,|. 
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8. The quotients of § 6 and § 7 being reciprocals, the multiplication 
of the two expansions ought to lead to a series of relations connecting 
coefficients of the one with coefficients of the other, that is to say, 
ought to give a series of identities regarding bipartites of the special 
kind. we have been considering. As a matter of fact, what we obtain 
in this way is an expansion applicable to bipartites in general; the 
nature of it may be understood from the example 


a, da, a,| h, k, b, 


b,c, d, | & € 


by Cy dy | fi fa fs 
bs Cz ds | 91 Go Ys 











aff pss dope e ly, By kyl, , 2 % A, Os | irk 

— =, » hy ’ 
€, 0a es DLA dy 6 & es Cy de | fi Cy dy | fo Ss 
Si ts fs | Os Cz ds | Cz ds | Go Ys 
91 J2 Ys! Dg 


the first factors of the expansion being bipartites of the degrees 1, 2, 
3, 4 and the second factors bipartites of the degrees 3, 2, 1, 0. 


9. And now, as to Cayley’s theorem in matrices. It asserts that 
“the determinant having for its matrix a given matrix, less the same 
matrix considered as a single quantity involving the matrix unity, is 
equal to zero ;” for example, that if 


M=(a, ly dg dy ), 


b, by bg bg 
aes anes C4 
d, d, ds d, 
then a4—-M a, Os Oy ie 
b, b,—-M ob, b, 
ah e Ccs—-M cc 
d, ds ds d,—M 


Expanding the determinant, we have 
M*— M*3a,+ M?’ > | a,b,|— MS | a,b, c5|+ M°| a, b,c, d,| = 0 
as the identity to be established. 
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Now (§ 3), 


mMt— ( Dyy v1+9 U | Diyas Oy Dias isi Tap eased +) 
A? ? ? A? 





ds, seeg a, | ys seeg d, ee eeeg d, | Q4, Ce | d, 
A? Gg feo ces ) A? 


gree alas Flets Bitar Aas Ge, hae 
M* = ( ] x8 19 b] - ee ; 19 Pa AS ) 


Rpenctaueth 1 dei | ae a, 
A ; A 


w= ( Ay, Ay, Ag, Wy Ay, Ag, Ag, A ) 
atch 9 eet eoe 9 
ay, by, Cy, a, Os, Dg, Cay dy 








d,, ds, ds, d, dy, dy, ds, dy 
Ay, Dg, Cy, dy 


OP O70, talk 
and the zero on the right-hand side of the identity is matrix zero, i.e., 
OAc TN 405) 
OF Os OREO 
We US iba 
CeO nO: hs 


We have thus sixteen algebraical identities to verify, viz., 


ne son 4 Re A al ee SS a 
A? A : 


+e oreaar Palle b,|—a >| Q, by Cy +| a,b, cs d,| = 0, 


and three others like it; and 





yy v2+y Oy | gy ores Cy Dyy very [ apdty le . 
? 1 





+ TD, tide — ay Dl bees] +0 = 0, 
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and eleven others like it. But these are exactly the identities ob- 
tained at the close of §4. Hence Cayley’s theorem is established.* 





On the Potential of an Electrified Spherical Bowl, and on the 
Velocity Potential due to the Motion of an Infixite Liquid about 
such a Bowl.t By. A. B. Bassmr, M.A. 


[Read June 11th, 1885.] 


1. The object of this paper is to investigate the motion of an infinite 
liquid about a spherical bowl, which is either fixed in the liquid or 
moving in any manner whatever. The motion of the liquid is supposed 
to be caused by any system of sources, sinks, or vortex rings, the 
latter being so thin that the boundary conditions at their surfaces 
may be left out of account; and, for the same reason, moving solid 
bodies other than the bowl, are excluded from the causes by which 
the motion of the liquid is produced. It is shown that the velocity 
potential depends upon a certain function Q, which is the magnetic 
potential of a complex magnetic shell of proper strength, which 
occupies the same position as the bowl. Now we know that the mag- 
netic potential of such a shell can be deduced from a function J, 
which is the electro-static potential of a distribution of electricity 
upon the bowl, whose density at every point is equal to the strength 
of the shell at the same point. We are thus led, in the first place, to 
investigate the potentials of certain distributions of electricity upon 
the bowl, and I have therefore divided this paper into two parts, the 
first of which deals with electro-statics, and the second with hydro- 
dynamics. 





* Mr. Glaisher drew my attention to previous proofs of Cayley’s theorem, viz., 
Bucuueim, A., Messenger of Math., xu1., pp. 65, 66; Forsyru, A. R., Messenger of 
Math., xu1., pp. 139—142. See also especially Sylvester’s series of papers in the 
Comptes Rendus of the French Academy, the Johns Hopkins University Corcwlars, 
and the American Jour. of Math., where, besides a draft of a proof, there is much 
matter (the theory of the latent roots of a matrix, &c.) closely connected with the 
subject, and where the much wider subject of matrix equations in general is entered 
upon, Other references which have been sent tome are—Frosentus, Crelle’s Journal, 
LXxxIv.; Weyr, Proc. of Bohemian Acad. of Sciences. 

t In consequence of the observations of one of the referees, a slight change in the 
title, and certain alterations in the text, which are indicated by square brackets, 
have been made. 
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So far as I am aware, only two papers have been published con- 
nected with the present subject. The first is the well-known in- 
vestigation by Sir W. Thomson, of the distribution of electricity upon 
an uninfluenced spherical bowl;* the second is a paper by Dr. 
Ferrers,f in which he has not only obtained the potential of this dis- 
tribution, but has also shown how to determine the potential and 
density of a bowl which is electrified in such a manner that the 
potential at its surface reduces to a zonal harmonic; and since the 
potential of every system of forces which is symmetrical about the 
axis of the bowl, can be expanded in a series of zonal harmonics, we 
have a method by means of which we can obtain the potential and 
density of a bowl which is under the influence of any such system of 
forces. 

The first part commences with the determination of the density and 
potential of an uninfluenced plane screen of infinite extent, and having 
a circular aperture (which is a limiting form of a bowl); and the 
form of the result suggests the solution for a screen having an elliptic 
aperture. In the next place, the potential of a bowl under the action 
of a charge on the axis is obtained by inversion; and lastly, the 
potential and density of a bowl which is placed in a uniform field of 
parallel force are determined. 

In the second part, the velocity potential of an infinite liquid in 
which a bowl is moving is determined, and also the velocity potential 
due to a source or sink situated on the axis. The corresponding re- 
sults for a disc and screen are also noticed. 


Part [. 


2. To find the potential and density of an uninfluenced electrified screen 
having a circular aperture. 

Let ACB be a section of the bowl 
through its axis, I the centre of the 
sphere of which it forms a part; let 
AIC = a, PIU = é. 

The total density upon an element of 
the bowl, including the charges on both 
sides of it, is 


BI rab oor) 


= l+cosa 7 
— tan, /( 142 ml 
ae J cos 6—cos Ace af (1), 


* Reprint of papers on ‘‘ Electro-Statics and Magnetism,’’ p. 178. 
Tt Quarterly Journal, Vol. xvut., p. 97. 
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which is easily seen to be equal to 


2m { Reread yl Xe +085 | : 
/ (EP — BA) EP 





If the centre of the bowl move off to infinity in the positive direc- 
tion, the bowl becomes a screen, and H ultimately coincides with O, 
the centre of the aperture; hence the density of the screen on either 


alyre Pas By tos" <} A UE ene 


where c is the radius of the aperture. 
Take a line through O perpendicular to the screen as the axis of z, 
and let us find the potential at a point on this line whose distance 


from O is z. 
r dr 


Then Y= dam | § Tog teas Sb Toy 


isc) rdr ibs 34 42 niece ie c/ (7? Cr/ (r*+2") 
Now [ cost T+ / (77 +27) cos ai =f 7 (AS dr. 


The term corresponding to the upper limit is infinite, but constant, 
and may therefore be left out of account; hence 


ee 2g fe dr 
esate r/ (P=) (+2) 


= 4armz (- 3 —+tan-! =). 
2 Cc 


«a 





Hence the general value of V at the point (7, 0) is 


V = 4am jo— te clr (Pat (£)"} [y>c] ...(3), 


and V = 4xmedy (—)" Pn ( z\" [TC ae ee (4), 
2n—1 \e 
where P,, is the zonal harmonic of degree n. 
To sum the series (3), we have ; 
9 (Be Pie Pohl .) es [ hdh le h dh 
3 5 7 o VW (1—2hpt h’) o VW (1+ 2hp +h’) 


2 
= /J(1— Shek) —/ (1+ She 4 lop Soe oe 
J (1 —2hpt+h’)— /(1+ 2h th’) +p oS Sc 7 (= Bli +B) 











* This result is given in Watson and Burbury’s “Electricity and Magnetism,”’ 
p. 1389, which has appeared since the above was written. 
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putting h=c/r, where « =./(—1), we have 


at (4- ee + ) = (F—Qerp—c?)!— (7? + Querp—c*)} 

ee J (77+ 2Qeerp —c’) 

tea oy —ct f/(r—2ecerp—c) 
Let r—c’ = X08 2a, 
2crp = Asin 2a, 

so that A= /(7*+c'+ 27° cos 20) 
gi 459 
SET v ( (Ato) : Pg ce Be). 


faa y ( (= =e Pe 
Then the series 


=— 2 /Asinat+2ez tan™! Pal Sune 


rcos9 + ./X Cos a 


=— 2 ./Asina+2v2 tan” aE 
therefore : 


i dm § 0-4] (SEE) a tan OFT } rieaes (6) ; 


the upper or lower sign being taken according as the point (7, 0) 
lies on the positive or negative side of the screen. 

We have supposed that r>c; but, if we had supposed r<c and 
summed the second series (4), we should have obtained the same 
value for V. 

To test this result: when 6 = ia and r>c, \ = 7°—c’, therefore at 


the screen Vics AGIOS etches kw ee nd. Seven ee LG 
when 6 = iz and r<c, \ =c’—*’, therefore at the aperture 
| V = 4erm [0 / (IP) boos ssc ces cee ene sve sevens (8). 


3. We may express this result in a more elegant form as follows. 
Let P be the point at which the potential is sought, and let the plane 
through OP, which is perpendicular to the screen, cut the boundary 
of the aperture in A and B, then 


AP = (r°+c?—2er cos 0)? = p, 


= (7? +¢?+ 2cr cos 0)? = q; 
VOL. XVI.—NO. 251. U 
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and A—P +e? = 1 §(p+q)’—4r}, 


A+77—-7 = 1 +q)?—Ac??, 
therefore ; iP 1) j 


V=4rm { c—i/(ptqt2r)(p+q—2r) =r cos 0 cost PAN 


4. To find the potential of an uninfluenced screen having an elliptic 
aperture. 

Returning to (6), let us take any two lines through O in the plane 
of the screen as the axes of # and y, and let » and vy be elliptic co- 
ordinates determined by the equations 





a +i lathe 
inf oa ee 
ay? af watches 
Ly Pe ce 
so that J/(e'+y’) =ce/(1+")(1—-p’), 
OC seCly, 
and A—r+e? = 2p’, 


A+727—c? = 2c*v’. 


Then V can be expressed in the form 


Veen { I-P, (4 O)-T AW rO) ‘ arate (10), 


where P, (#) is a zonal harmonic, and the p and q functions are the 
particular kinds of spheroidal harmonics which are employed in dis- 
cussing problems relating to the potentials of planetary ellipsoids. 
The form of this result at once suggests the solution when the 
aperture is an ellipse instead of a circle. Consider the expression 


V = 4rm./ (ab) = 2rmab?2 -F 4amzH...(11), 


[ SM(E +9) S(O +9) $2 
where H is the complete elliptic integral of the second kind to mod ~ 


/(a’?—b") / a, is the positive root of the equation 


a” y 2 2 
Pr A BAT r me 


and the upper or lower sign is to be taken according as the point 
(x, y, z) lies on the positive or negative side of the screen. The axes 
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of «and y are the directions of the major and minor axes of the 
elliptic aperture. 

We know from the Theory of Attractions that V satisfies Laplace’s 
equation, and that V and its first derivatives are continuous at all 
points of space which do not lie on the planez =0. Let 


sny = 


San dN 
V (a+ oy 
sna= aS Moen : 

J (ae +A)’ 
then the definite integral 


=| or 








a },cn’y 
ena a std dn ae peas Bi 
iy: a cna ae) az} 
ieee ele AG Vee < =} 
and Ig (0) 2 fa (ay) Z(a)—a 2 ea. 


At points on the screen, z = 0 and X is not zero, therefore 
WAR NAMHEAL (LO ore irecsresccriats crs aseaee Cea) 
At points on the aperture, z= 0,A = 0,a = K, and 


Ed ee 
ae V (1 a b? 3 
therefore |) see dm } v(ab)—by/ (1-5 - ¥) ; Mie tree Glogs 


dV +A ; EH 
Also - 7a = dem fay) (MAX )-s oF on 





e aba 
2 2 2 : 
dM eryerf 2 y =} 
CSUN AY ERMC EINE LEG 


Therefore at the aperture 
Veins Ppa \y Bs 
say GT rma 


At the screen dV/dz does not vanish but is discontinuous; hence 
there is a surface density, which 


SOU (een) 22) Begs (14). 
: | 
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5. To find the potential of a bowl under the action of a charge on the 
avis. 





Fig. 2. 


Let AO’B be the bowl, I’ its centre, Q a charge on its axis. Invert 
with respect to Q, and take the constant of inversion equal to QA; 
let ACB be the inverted bowl, J its centre, Q’ the inverse point of I’. 


Mhenvaince QI’. QQ = QA’, 
therefore TAQ = AQ'Q; 
also, since QH’. QE = QA’, 
QAH = QH'A=VAE’; 
therefore HAE = TI AQ, 
therefore IAQ = IAH—QAEH = QHA—QE'A 
as Ad A) 
therefore LOG 1 Oi Ase 


therefore Q’ is the image of Q with respect to the bowl ACB. 


Now, if the bowl AC’B be uninfluenced, its potential at all points 
external to itself and the sphere passing through its centre and its 
rim, is* 

=m f T LA nee Tan) Ware AB i. 


TR ute AP LBP MEP. Pate eee 





* Quarterly Journal, Vol, xvit., p. 106, 
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AROWAP 
N nin ss 
ow QA ~ OP 
therefore ARE PPts aE p (AP + BP). 
Also rP — pe — _ Ar $ 
QP QQ QQ. QP 
therefore EP = EE ae : 
TA QP. OtA 
aie aa: { aA QA ..-1__QP.AB 
se at C4 CPs BOD Gal OL CARE BP) 


sin 


eC eee be AD ; 
OP QA (AP+ BP) 
This is the potential of the bowl when under the action of a charge 
—m at Q, at all points within the space bounded by the bowl and a 
sphere passing through @’ and its rim. 
Now, suppose a point to start from the interior surface of the bow], 
and to move round to the outside without passing through the bowl. 
When the point arrives at the last mentioned sphere, . 


sin"! YP. AB/Q'A (AP+BP) 


becomes a right angle; hence, after we have crossed this sphere, we 
must write s—sin™! for sin-', and the value of V becomes 


m (24, peek onan An a en GER AB 
~~ rQ@AlQP QA(AP+BP)' QP QA(AP+BP) 
se ERB). 


As soon as the point crosses that portion of the sphere through Q, 
and the rim of the bowl which lies outside the sphere of which the 
bowl forms a part, sin-'QP.AB/QA(AP+BP) becomes a right 
angle; hence, outside the bowl and the above-mentioned sphere, 


—m (QA Q@4.., Q@P.AB_ {@A,1_ QP. AB 
SE OnE QP QA(AP+BP)' QP QA (AP+BP) 


eeetes Cae 


The value of V for the remaining portion of space is given by ((). 

The corresponding results for a disc or a screen are of the same 
form as those which we have just obtained for a bowl, and must be 
interpreted in a similar manner. 
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6. To find the potential when the bowl is placed in a uniform field of 
force parallel to tts axis. 

The simplest way of solving this problem is to utilise the. result of 
the last article, by placing a positive and a negative charge of strength 
m, at two points on the axis at distances f from the centre, and on 
opposite sides of it, and making them move off to infinity, whilst the 
product m/f* remains constant. 

The potential due to the positive charge at Q (Q being an external 
point) is 


ym PF et QP.2 Q’A vel RAI. ae), 
> ae AI OA MRO ARO Pann 
AB 
iS 
where APLBP 


Putting u =1/f, and remembering that we need not retain powers 
of w higher than the first, the value of V’ may be written 


v= ces cos 8) sin’ v oa (a cos a—r cos #) } 


4+ — “ (14+ = a cos) sin” tS 1+ (acosa— = cos 6) } ] 


r 
= i {F(u)+¢ (u)} say. 
If, therefore, we put 2m/f? = — <e , the potential of the bowl, when 
placed in a field of force whose potential is +Caz, will be 
= —S2 fF (0) +9 OI. 
Now, 


XA) oro Buin eee ee 


Ue 
and, if we put AP=q, BP=p, then 
(see Fig. 3) 
OM?’ = (a cos a—r cos 0)? 
= g°—(PM—c)? 
— (PU +0)’, 
therefore OM? = (ety) Bo Nee (p— * 
c 





_ ((p+g)—40°} {40° (p—o} 
160? : 
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=] 2c 


therefore (0) =7rcos@ sin 
PTY 





+4 {4c?—(p—q)?}4 


_ The value of 9’ (0) can be obtained from that of #” (0), by changing 
r into a’/r, and multiplying the result by a/7r; hence 


_\2r sina 


2 
rate rs 5 { 47? sin? a— (p—q)?}}, 


a’ : 
g (0) = Ga 008 é sin 
and the value of V may be written 
Ca 2c 
a | =I Teli And sol ee) a La 
on r cos 6 sin ate {4c?—(p—q)} 
a’ -_) 27 sin a* ‘ 
+ “a 008 0 sin erent ae: {4° sin’ a—(p—q)"}']...(15), 


From the latter part of the preceding article, it appears that, if the 
positive signs be taken, this is the potential at all points within the 
space bounded by the plane passing through the rim of the bowl, and 
that portion of the sphere passing through the centre and rim of the 
bowl, which lies outside the bowl. 

The potential for the space enclosed by the bowl and the plane 
through its rim, is obtained by changing the inverse sine in the first 
term to r—sin~', and placing the negative sign before the second 
term. 

The potential of the remaining portion of space is obtained by 
changing the inverse sine in the third term to t—sin~’, and placing 
the negative sign before the fourth term. 

Hence we see that at the surface of the bowl, V is always equal to 
—% Caz; its value at the unoccupied portion of the sphere is 


_ Ca? 


Tv 


, / (1 —cos a) (cos a — cos 0) +008 0 tan? 4 /(— one) ‘ 


cos a—cos 9 


The density of the bowl on the convex side is 


AOA ot ( l+cosa 
ie Bat {3.0080 cot J ee) 
+ (8 00s9—1—cosa) , /( = FOS) } (17), 


cos 8@—cosa 


__ Ca cos 0 
Sr” 
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and on the concave side it 


[7. To find the potential of a bowl under the action of a charge situated 
in the plane containing the rim of the bowl. 


As we only have occasion to employ this result for the purpose of 
obtaining the potential when the bowl is placed in a field of force 
which is perpendicular to a plane passing through the axis, it will be 
sufficient to consider the case of an external point. 


Let CA’H (Fig. 4) be the plane 
passing through the axis of the bowl 
and any point P’; and let us take k 
the constant of inversion equal to 
the tangent from Q, the influencing 
point, to the sphere; the bowl will 
then invert into itself. 





Nope 
CA ie) Re 
and BP _ BP 
ORS eOPs 
Also 
TP? = QP? + QP? —2QI. QP’ cos IQP’ 
Se de ee PINES 
= QI’?+ OP! OP cos IQP, Fic. 4 
and IP =r = QI’'+ QP? —2QI. QP cos IQP. 


Putting QO =h, so that kh’ = h?—c’, and eliminating cos IQP, we 


LR Wak Lay 249 
find IP? = TOE ceeestsseernsetee(19) 
H ya™ Fe + ay 26. QP 
sa 7 LQP” AP.QA+BP. QB 


4 a eee 9e VLE SOE 
QP. IP’ a(AP. QA’ +BP. QB)’ 


[8. To find the potential when the bowl is placed in a field of force per- 
pendicular to a plane passing through the awis. 
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Applying the method of Art. 6, and 
observing that AO and OB will ulti- 
mately be in the same straight line, we 
have (Fig. 5) 


cos (IP +cos fh cos 0 


cos ¢ = : : 
p sin 6 sin 6 


; 
therefore 

QI cos QIP = hcos ¢ sin 8@— OI cos 9, 
and QP? = QI?+7r°—2QIr cos QIP, 
therefore QP = h (1—rucos ¢ sin 6), 





if w= 1/h, and the second and higher powers of u are neglected. 
Similarly, by (19), 
IP”, QP? = h? (7? —2a’ ru cos ¢ sin 8), 
2 
therefore 106 (We SG (2 — ~ woos ¢ sin 0), 
r 
therefore 


2c (1—ru cos ¢ sin 8) 


V=— S¢ sl im} 
ah Ci cre ? BS ar BP (BES APY ou Gos} 


2 
ej bake u COS @ sin 8 
“f a (1+ as u COs ¢ sin 0) gece (EES). 
r o a { AP + BP—(BP—AP) cu cos @ } 
== {F (u)+¢ (u)} say. 
a 


If, therefore, we put 2m/h? = — 4, the potential of the bowl, 


when placed in a field of force whose potential is a sin 0 cos 9, will 





be = -5 { F’ (0) +4" (0)}. 
Now F’ (0) = rcos¢sin 0 [sin _ aise {(pt+q)'—4e}}], 


where AP = p and BP =q. Also ¢’ (0) is obtained from F”(0) by 
changing r into a?/7r, and multiplying the result by a/v. Therefore 


4 
¢ (0) = a cos @ sin 0 [sin amis: {(p+q)/—4r° sin? a}*| 
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and the value of V may be written 








V=—<“c089 sin 0 [rsin” a Foes {(p+q)*—4e7}} 


a 
+ oy sin”! 2 ae BG {(p+q)’—4r sin? a} | aves (20). 


The inverse sines, and the double signs before the second and fourth 
terms, must be interpreted in the manner explained in Art. 6; hence 
it appears that, at the surface of the bowl, V will be equal to 





— Aa cos ¢ sin 8, 


and that its value at the unoccupied portion of the sphere is 


2 —— 
_Ad’ cos ¢ sin 0 | tan vl _ t= co8.a! ) 
T cos a—cos 8 


“5 cosec * = sin (cos a—cos 0)' | eu cloe 


(9. It has been stated in the introduction, that the problem of 
determining the potential of a spherical bowl under the action of any 
system of forces which is symmetrical about the axis, has been solved 
by Dr. Ferrers. In order to apply a similar method, to determine 
the potential when the bowl is under the action of an unsymmetrical 
system of forces, it would be necessary to obtain formule giving the 
potential and density when the bow] is under the action of a system 
of forces, whose potential at the surface of the bowl is equal to the 
tesseral harmonic sin (m¢+e,,) P, (cos 0). I regret that I have not 
as yet been able to solve this problem; but at the same time another, 
although indirect, method exists of dealing with this question. It 
is known that the potential at an external point of any distribution 
of electricity, symmetrical or otherwise, upon a planetary ellipsoid, 
and therefore upon a circular disc, can be expressed in a series of 
spheroidal harmonics. If, therefore, we can effect the expansion of 
the potential of the influencing system, in a suitable series of 
spheroidal harmonics, we can obtain the potential of the disc, and 
proceed to the case of a bowl by inversion. The application of this 
method is, however, not free from difficulty, since the expansion of 
functions in series of spheroidal harmonics, and the summation of 
such series, are operations not always easy to effect. 

A third method would be to obtain the potential of a disc by means 
of definite integrals involving Bessel’s functions. This can be effected 
without much difficulty in the case of a symmetrical potential, but I 
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am not certain whether the method admits of easy extension to un- 
symmetrical potentials. ] 


Parr IT. 


10. Let us suppose that the motion of an infinite liquid is caused 
by any system of sources, sinks, or vortex filaments ; let ® be velocity 
potential due to this system (which we shall call the external system) 
when the bowl is absent; and let ¢ be the velocity potential after the 
bowl has been introduced. Then we may put 


¢= 0+, 
where 2 is to be determined. 


If the bowl is fixed, which for the present we shall suppose to be 
the case, the only surface condition is 


_ do _ de 
dr dr? 


when r=a. This condition is to be satisfied on both sides of the 
bowl. 

Now, if we remove the bowl, and substitute over its surface a sheet 
of doublets, whose axes are in the directions of the radii passing 
through them, and whose strength o is such that the normal velocity 
due to them at any point of the bowl is equal and opposite to the 
normal velocity due to ®, all the conditions of the problem will be 
satisfied. But the velocity potential of such a sheet of doublets is 
analytically equivalent to the magnetic potential of a complex 
magnetic shell of the same strength, which occupies the position of 
the bowl, and whose positive side coincides with the sink side of the 
sheet of doublets; hence the problem is reduced to finding the 
potential and strength of such a magnetic shell when the normal 
component of the magnetic force at the surface of the shell is given. 

Now we know that, if V be the potential of a surface distribution of 
matter upon the bowl of density o, then 

melee) 


= 
a ar a 





and that, if Q, and Q; be the values of 2 at two contiguous points just 
outside and just inside the shell respectively, then 


Q,—Q, = 4a. 
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The magnetic force at the surface of the bow] is 


dO eed aV ir), 

dr a ar 
sash TE AOR sce a i 
a lao Gn timp aes 


Now the value of the magnetic force at the surface of the bowl can 
always be expanded in a series of spherical harmonics ; hence, if 


_ dQ 


iD = ¥, 
re 
therefore V = n(nt+l) ° 
Hence, if -= ete rar ia earth eirarirr fy Vapi bP) 


at the surface, the corresponding value of V is 





=o 3? ...(28). 


nm (n a) 


The formula (23) fails when n = 0; the only case, however, which 
is necessary for our purpose to consider, is when the magnetic force 
is Symmetrical with respect to the axis of the bowl, and has a constant 
value F' at its surface. In this case, 


_ dQ 


dr 
pletut dV 


2 


therefore!) Why aia? low (a2) 4adiloe a +B. 


Now V must not be infinite when » = 1, therefore 
read vie 
and the value of V may be written 
V = Fa loga (1+ p). 


But, if an infinite straight line extending from the centre of the bowl 
to —oo, be electrified with line density Fa’, its potential is 


= — Fa logr (1+ 4). 
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Hence V is the potential of the induced charge when the bowl is 
under the action of a positively electrified line extending from the 
centre to —o. If, therefore, x be the potential of the bowl, under the 
action of a positive charge of unit intensity, situated at a point on 
the axis distant wu from the centre, and in the negative side of it, 


V= Fa’ | x du, 
0 


where the value of x is obtained by means of the formule (a), (3), 
(y) of Art. 5. 


11. The preceding result enables us to find the velocity potential 
due to a source situated at the centre of the bowl. In this case 


aarti 
daa =m 
therefore hate 7? 
therefore o¢=- ral CX) 7 eae on Ba TEMG ON): 
cian) foe COT) r 


12. To find the velocity potential due to a source placed anywhere on 
the aats of the bowl. 

lst. Let the source be placed outside the bowl on the positive side 
of the centre, and at a distance f from it. 


h oe ee ee ye 4 
eee (fF? + r?—2rf cos 6)! 


=a): 


Therefore at the surface 


nol 
ar = 2 si aP, (4) ) 


dea fa f 
Bi | ~ dee a n+l 
therefore V=—m>; aor ( ) 
feetobeh| 27% du ma, 
=—m | (u?—2aup +a?) ar if ragsen (eee ae (25). 


V is therefore the potential of the induced charge when the bowl is 
under the action of a system of forces whose potential 


Thane \" a du on Ma 
9 (wW—2ruptr’)* fr 





patoritand ba: 
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The first term is the potential of a positively electrified line extending 
from the image of the source to the centre of the bowl. The second 
term is the potential of a charge —ma’/f at the centre; hence, if x, 1s 
the potential due toa positive charge of unit intensity distant « from 
the centre, 


a?/y 2 
i m| Hyder AE YX sersserseeeserreeess OM), 
0 
—— (Ary) gy m4 EX) 4 @ 28).# 
and = : [ du Poa + D i ecceeee (28) 


2nd. Let the source be placed inside the bowl on the positive side 
of the centre, and at a distance f from it. 


snd Vs 
eae 2 => (rman cos 6)! 


= _—_— ——— if = 
Therefore at the surface 


— a Se (Wt) Py (ZL) seecrecrrer ne (29). 
a a 


dr a 


The last term will give rise to a term in V which 


pa. 2, fe af n 
= WM on n (=) ire ccdccntes eetienne bs er dete Tne eae 
y du Sry: 
— SRT Fhe Sra ee ree eee ee ee ee 2 2 | 30 ° 
cress: mf 2 wo 


This portion of V is therefore the potential of the induced charge 
when the bowl is under the influence of a system of forces whose 
potential is 


—M Pct 5 us +m (_ a 
aig (W' + 7° — 2rup)? aig Ue 


Both these integrals are infinite, but their difference is finite. The 
second one is an infinite constant, and may therefore be disregarded. 
The first one is the potential of an infinite straight line negatively 
electrified with line density m, which extends from the image of the 


* In performing the integration the second term will disappear, as it will be can- 
celled by a corresponding quantity in the first term. 
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source to infinity. This portion of V is therefore the potential of the 
induced charge when the bowl is under the influence of such a line. 

The first term of (29) gives rise to a term in V, which, by Art. 10, 
is the potential of the bowl when under the influence of a positively 
electrified line extending from the centre to —o. 


We may therefore write 


ve m{_ xu [ de en A HER CE DY 
a?/f 


with the understanding that infinite constant terms which appear in 
the integration are to be disregarded ; hence vie value of ¢ is 


m ad(Vr 


a. ar 


sg AO) 5 OO A RIO ED) 


where the value of V is given by (31). 


From the above investigation it appears that, if the source be 
situated on the negative side of the centre, V will be the potential 
when the bowl is under the influence of a positively electrified line 
extending from the centre to the image of the source. 


13. A different investigation of the last result may be sketched out 
as follows :—The general value of (29a) outside the bowl is, by the 
theorem of Dr. Ferrers, referred to in the introduction, 


Pan | ii $=0 {sm (n—s) a, sin tet et a s+1 
<= <= ee Stee TLS TT Ly Phe Pal LC. Dod iy ioe me Le : 
V T = Snal = n ( at a n—Ss f n+st+l ( r ) i. 


If we differentiate with respect to a, it is not difficult to show that 
the second series, 





= al cos ats a { cos + [(p+qy—- alae ails ere gps 


0 


PY 


Getis Uda say, 


fa 
— «| cos 
0 


where p and q have the same meaning as in Art. 6, andc is the radius 
of the rim of the bowl. Hence 


y= mel U xy — : (LY "cos > a da 
5 a 2 


Tv N 


ma |* a rr sin a 
== lof ——f fee f 
Us J 7 { cos ¢ hae a’ —2af cosa+f? ar a tie a—fcosa oe 


0+ (88). 
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14. When the bowl degenerates either into a disc or screen, V will 
be the potential of the disc or screen when under the influence of an 
infinite straight line positively electrified with line density m, and 
extending from the image of the source to infinity, and 


dV 
da’ 


QO=— 


We shall verify this result in the case of a disc. 


Let Q be the source, Q its image; then the 
potential (Art. 5) due to a charge m at Q’, at A 
all points within the space bounded by sphere 
AZB and the disc AB, is 


Poe aera - _AB.QP _ e 7 
QP QP QA (AP+BP) 


Seely oan eG 
ae QA (AP+BP) 


Let (z, p) be cylindrical coordinates of P, OQ =f, and let 


a1 4B (+e)! 
F Ve Ad ae 
OD) = Gate” Gey APS BP 
Then, if we treat ./(f?+c’) or QA as constant, whilst differentiating 
with respect to f, 


=p 


.4(34). 





—2n(.o = oF) 
Pa \ df 6 afl’ 





Therefore, at the disc, 


See ae ea ae 


Oem aes 
at PF +e) 


since /’ contains even powers of z only. Hence, if 








V= | P df. 
f 
Then, at the disc, — e = . = meee =— *, 


therefore ¢=— [fare Bre eet te ect, (35). 


1885. ] | an Hlectrified Spherical Bowl. 305 


15. To find the velocity potential due to the motion of the bowl in an 
infinite liquid. 

Ist. Consider the case of motion parallel to: the axis. 

If the liquid were flowing from right to left past the bowl, the 
velocity at infinity being equal to O, then 





® = — (2, 
¢ = 0,—Cz, 
and dQ, = Ccos 6 
dr 


at the surface. 
Hence, if the bowl be moving parallel to its axis with velocity O, 
= Q,. 
Now, by (28), = 10a? cos 6 


at the surface. V is therefore the potential of the induced charge, 
when the bowl is placed in a uniform field of force parallel to its axis, 
and its value is given by (15) ; whence 


Co Set 
PENS a ar 


2ndly. Let the bowl be moving perpendicular to its axis with 
velocity A, and let the plane from which the angle $ is measured con- 

tain the direction of motion; then 
d 


oP 4 cos ¢ sin 9, 
dr 


therefore V = — +Aa’ cos ¢ sin 8 


at the surface. V is therefore the potential of the induced charge, 
when the bowl is placed in a uniform field of force perpendicular to a 
plane containing its axis, and its value is given by (20); whence ¢ 
can be found. 


3rdly. Let the bowl be rotating about an axis. 

It is clear that, if the bowl were rotating about an axis through the 
centre, the bowl would simply cut its way through the liquid without 
producing any motion. Now, arotation about any other axis is equi- 
valent to a rotation about a parallel axis through the centre, together 
with a velocity of translation perpendicular to the plane containing 
the centre of the bowl, and the original axis of rotation; hence the 

VOL. XVI.—NO. 202. X 
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motion of the liquid due to the rotation of the bowl is equivalent to 
that due to a properly chosen motion of translation. 

The foregoing results could only be approximately realised in prac- 
tice, owing to the fact that, so far as our knowledge extends, there is 
no such thing as a perfect fluid in nature. It will be noticed that 
the velocity of the liquid given by the preceding formule is infinite 
at the rim of the bowl, so that the liquid would be torn asunder, and 
the conditions of continuity violated. The result would be, in the 
case of an ordinary liquid, that vortex rings would be produced, 
which would probably be circular when the motion is symmetrical 
about the axis of the bowl, and this would materially alter the 
character of the motion. 


Note on the Porism of the Inscribed and Oirsumseribing Polygon. 
By Li. J. Rogers, Balliol College, Oxford. 


[ead June 11th, 1885.] 


Let S and S’ be two conics, and let &, &, &, be the roots of the 
equation obtained by equating the discriminant of $+ 8" to zero. 

It is then possible to express concisely in terms of these roots the 
condition that a polygon of » sides should be found which may cir- 
cumscribe S’ and be inscribed in S. 


The conditions are as follows :— 

First, let the roots &, &, é; be all positive and in descending order 
of magnitude. 

Then the condition for a polygon of m sides is that 


f= & oer an mod. fet + 2. 
Et, & 
Secondly, let one of the roots be negative, viz. é, and let &< &. 
Then the condition is, if » be even, that 
&,—§s 5 oy : 
—é, es ‘ 





5k cn? cae 


aise a mod. 
n 


but, if n be odd, the condition fails. 
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These two cases will include every possible case in which the roots 
of the cubic are all real. The case in which the roots are imaginary 
will be considered later. 


1. Let all the roots be positive. 
The discriminating cubic may be evidently written in the form 


A (E-8) (6-5 S22) fon’), 


according to the above-mentioned conditions. 


Now, Prof. Cayley has proved (see Salmon’s Conic Sections, § 376, 
Note) that the required conditions depend upon the vanishing of 
certain determinants, which are clearly seen to vanish also when all 
the roots of the discriminating cubic are multiplied by the same 
quantity. 

Hence, if all the roots are of the same sign, we get the same condi- 
tions as if the cubic were 





(€—1) (e- on (E—cn? v). 


Now, this cubic corresponds to the case of two confocals 


an” 2 
aha 
acne Oey 
and + <cn’v = 1, 





a’ dn? v b? 


for which Mr. Griffiths has proved (Proc. Lond. Math. Soc., Vol. x1v., 
p. 47) the condition for a polygon of n sides is that 


IK Vea 
7 = —,, mod. =: 
n 





a 
Hence we have 


2K beat sae 
63 = fon’ —, mod. /B= 8. 3, 
‘ : ra ici gs Se 
the modulus being obtained by eliminating v. 
Since ¢,<é, the modulus is always <1. 


2. Secondly, let the roots be not all the same sign. 
Then, if >, and é be negative, the discriminating cubic can be 


2ex 
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written 








A @-4) (2-5 7) (e+4, 7), 


i? k? sn? v 
which is derived from the other by writing v+ wie nae v. 


Hence, if the roots be not all the same sign, we get the same con- 
ditions as if the cubic were 


E-1 (s— S22) (24 2), 


ken? v Ik? sn? v 


This cubic corresponds to the case of the confocal ellipse 


2 








BAY 
a 
2 et O = 1, 
a b 
x dn? v y?dn?v _ 


and hyperbola 


elecnv a sey 


Since the latter equation may be written 


cn’ (v+iK’) 2 ree 
A FRYE. i (oFiK) ea cn’ (v+7th") = 1, 
we have for the required condition, following Mr. Griffiths’ proof, that 
ee eee 
-. - 


Now v cannot be real unless n be even, and in this case 


_ 2K 


nN 


Hence, if &,, & be the roots of like signs, and & be numerically greater, 
the condition is that 


Kos 2K 


Ek? SU eye Ed nod: babs 


pear ere 


In this case also the modulus is always <1. 

The condition for a polygon of n sides has therefore been com- 
pletely determined in the case of imaginary roots, except in the 
second case when n is odd. It appears, however, that in such a case 
no such polygon can be found. 


38. Thirdly, let two of the roots be imaginary. 
In this case we must consider the two conics whose discriminating 
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cubicis (—1) (€—rcos 0—risin 0) (E—r cos 0+77 sin 8). 
This cubic corresponds to the parabola (inscribed conic) 
y’ = 4a, 
and the circle (circumscribing conic) 


2 ; + 

w+ = 0) 2= 
( w+ = cos0) + y 2 
These conics intersect in two, and only two, real points. 


Let (#, y) be any point P on the circle, and tangents PT, PT” be 
drawn to the parabola, touching it in 7’ and 7”. 

Then, if m,, m, be the cotangents of their inclinations to the axis 
of x; m,, m, are the roots of 


y = —+m, or m—my+a= 0, 
Mm. 


therefore m+tm,=Y, mm, = 4x. 
Assume that m, =ecn(ut+v), 
M, = ecn(u—v), 


where e, v, k have to be determined in terms of rand 0, and wu depends 
upon the position of P only. 


For brevity, let us put 
Site Ge 0 te COS Gre: 


, l—w— 0? + kad? 





Then a =e cn (u }v)cen(w—v) =e yea 
Mal ae be 
= —vy)i( = Bea eed Se ee 
y=e fen (w+ v)+en(u—v) § 2e ieee 


and the equation to the circle is 


»l—a’—b?+ kab? i 4, 9 (1—a’) (1—b*) fi 5 A 
(° en) a(S Pa) es 


bo 


In order that this relation may hold for all positions of P, it is 
necessary that this last equation should hold identically for all values 
of a. 

Equating coefficients of a°, a* and a‘ to zero, we get three equations 
which give us e, k, b in terms of r and 0, 
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These three equations are 


fe (1B) +20}? +-4e" (1—8%) = 4, 


474 
(2b? 2 91}2?)? = Aik*b 


r] 
y 








2 2 2 2 272 42 2 272 _ 4h?b? 
2c (1—b’)—fe (1-0?) +21} (Pb? —& —21k*b") = 


pe!) 
, 


which, after some reductions, give 








ee sn 2y 
Se aadn eos 
Sie 2 dn 2v 
Seleven Que 


k?k? sn*t v—dn'‘v 
ros) Se 


cn’ v 
Eliminating v from the last two, we get 


1 ry sin 0 
k = cos tan 
a 1++rcos 6’ 


which is always real. We also get 





7, COS) — = 
2 cn2y ” 
i O2eedn 
r sin? —= —, 
2 cn’ v 


which give k more readily. 


Hence, we see that in passing from 7 to JT” the parameter of T is 


increased by 2v, where v only depends upon the circle, and not upon 
the position of the point P. 


Hence, as before, the required condition for a polygon of n sides is 


that 2un = 4K, 
or y= 2K 
n 


Hence, for any two conics, the roots of whose discriminating cubic 
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are proportional to 1, re“, re~”, the required condition is that 


2 dn ’ 
fe ee ok aetna dng 
L+on 4% 2 1+~,rcos@ 
n 


It can be easily verified that for a triangle 
7 = Asin? S ; 


and for a quadrilateral r+2 cos = 0. 


On the Ideal Geometrical Porm of Natural Cell-Structure. 
By Mrs. Bryant, D.Sc. 


[Read March 12th, 1885.] 


Ideal natural cell-stvucture is not necessarily regular, in the strict 
geometrical sense of the word, as, by convention, it is used to denote 
solids with identically equal faces and solid angles. A cell-structure 
regular, in this conventional sense, would clearly consist of cells cubical 
in form; and such st:ucture, as we shall see, is not natural. 

The form of a natural structure is a logical result of its mode of 
genesis, and that form isideal of which the mode of genesis is perfectly 
regular. Moreover, the original cellis spherical in form. Hence the 
solution of our problem turns upon the double question :— 


1. If space is filled with equal spheres, and this space-ful of spheres 
is then crushed together symmetrically till the whole becomes a solid 
mass, what shape does each sphere ultimately assume ? 

2. If a homogeneous solid has equally efficient centres of excavation 
or absorption distributed uniformly in it, what is the ultimate form of 
the cells excavated P it being supposed that, when the excavating or 
absorbing agents cease their work, the walls of the cells are uniform 
in thickness, 7.e., the excavation is complete. 


The second question is manifestly the counterpart of the first, and is 
answered in the answer to the first. 
Our first step must be to determine the mode of arrangement of the 
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spheres which, by the terms of the question, fill space in a natural, as 
well as a regular, manner. Now, there are three conceivable ways in 
which the spheres can be arranged regularly. Only one of these is, 
however, a natural, because a mechanically stable, arrangement, 1.¢., 
the one in which the conditions of maximum density and maxumum 
stability are fulfilled,—-in which, therefore, the centres of all the spheres 
that touch any given sphere are at the minimum mutual distance of the 
common diameter. 

The three geometrically possible arrangements may be conceived as 
follows, for convenience in deducing the corresponding forms of the 
crushed spheres :— 


(1) The central sphere touches the six faces of a cube at their mid- 
points, and six surrounding spheres at the same points. No two of 
these six touch each other; the centres of any adjacent two are at a 
distance equal to »/2 of the diameter, and they are not, therefore, 
situated similarly with respect to the central sphere and to one 
another. This may be called a cubical arrangement, and, if crushed, 
will yield cubes filling space without interstices. 


(2) The central sphere passes through, and touches ezght surround- 
ing spheres at, the eight vertices of a cube. No two of these eight 
surrounding spheres touch each other, and the centres of any adjacent 


two are at a distance equal to 5 of thediameter. This arrangement 


is, therefore, denser than the first ; but, like it, is deficient in the mutual 
support of its parts, and in the more perfect symmetry which belongs, 
as we shall see, to the third. If crushed, it will yield octohedra with 
tetrahedral interstices, these together filling space, as is well known ; 
but, since there are interstices, the crushing cannot be complete. The 
proof of this need not detain us here. 


(3) The central sphere touches the twelve edges of a cube, and 
twelve surrounding spheres, at the mid-points of the edges. The 
radius of the spheres is in this case equal to the semi-diagonal of the 
cube’s face, and this is clearly equal to the distance between the points 
of contact of two adjacent spheres with the central sphere. The dis- 
tance between their centres is, therefore, by similar triangles twice, the 
radius. Hence they touch; and thus the twelve surrounding spheres 
are in contact with each other three-and-three about the eight corners 
of the cube, while they are in contact four-and-four about the six 
faces of the cube. 

This arrangement is of maaimwm density, since the surrounding 
spheres have their centres at the minimum distance of the common 
diameter,. It is also the arrangement of maximum stability, because 
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the mutual support of its parts is the greatest possible, as each of the 
surfaces bounding intervening spaces touches all the others. This 
is, therefore, the natural arrangement; and, as a matter of fact, if a 
quantity of shot be thrown into a box and shaken about freely, it will 
arrange itself in this way. Hence, too, the natural form of a pile of 
balls is a pyramid on a regular hexagonal, or, which is the same thing, 
an equilateral triangular, base. Piles on square bases are also common ; 
but, as can easily be seen, the elementary arrangement is exactly the 
same ; in the triangular pile, a face of the elementary tetrahedron of 
adjacent centres is horizontal, and in the square pyramidal pile, an 
edge. 

While the mechanical instability of any but this dodecahedral 
arrangement of spheres determines it as the natural arrangement in a 
space-ful of spheres, its property of maximum density is a reason for 
considering it of fundamental importance in considering the natural 
mode of distribution of excavators or absorbents in a solid, since by it 
the maximum of excavation or absorption in a given space can be 
secured. Moreover, it is,as we have seen, more perfectly symmetrical 
than any other arrangement. : 


1. Considering, first, the case of the spheres to be symmetrically 
crushed together, let us limit our attention to the central sphere, which 
touches the twelve adjacent spheres at the mid-points of the twelve 
edges of a cube, its intermediate portions bulging out through the six 
faces of the cube. When the spheres are crushed together, these 
twelve points of contact move inwards along the radii, and the six 
intermediate portions are squeezed out into the over-arching spaces 
which lie between the points of contact of the surrounding spheres. 
Since there are four spheres round every face, these portions will be 
squeezed into four-sided pyramids, the faces of each being evidently 
conterminous with those of the adjacent pyramid, both being the 
ultimate position of the original plane of contact. Hach, therefore, 
makes half aright angle with the face of the cube, the sum of the two 
being supplementary to the angle between the cube’s faces. Hence, in 
the final position, we have the twelve points of contact represented by 
the mid-points of the edges of a smaller cube, and the intermediate 
portions heaped up into six square pyramids on the faces of the cube, 
whose faces make half a right angle with those of the cube. The form 
thus generated is a solid with twelve rhombic faces, the well-known 
rhombic dodecahedron. 

There will be no intervening spaces in the mass of solids when the 
spheres are completely crushed together; because dodecahedra of this 

kind can be packed so as to fill space without interstices. To prove 
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this, it is convenient to consider the dodecahedron as built up by 
dividing a cube into the six equal pyramids which have their vertices 
at the intersection of its diagonals, and placing these on the faces of 
an equal cube. The twenty-four faces of the figure reduce, as in the 
above, to twelve ; since the diagonal plane of a cube makes half a right- 
angle with the cube’s face, and hence two adjacent faces of any two 
pyramids le in one plane and form a rhombus. 

Six of the solid angles are enclosed by four planes, perpendicular 
to each other, two and two, since they were originally the diagonal 
planes of acube. Therefore, four of the solids superposed on these 
faces at any vertex will just leave room for the vertex of another solid 
in the remaining space. 

The other eight solid angles are situated at the vertices of the 
original cube, being enclosed by three plane angles, which are the ob- 
tuse angles of the rhombi, and are easily seen to be equal to those be- 
tween the opposite diagonals of the cube. Now, by parallels, the dia- 
gonal of the dodecahedron through one of these vertices makes, with an 
edge of the dodecahedron, an angle equal to that which it makes with | 
the opposite diagonal. Hence, the diagonal makes an exterior angle 
with each of the edges equal to the obtuse angle of the faces. When, 
therefore, three solids are superposed on the faces at such a vertex, 
their edges, meeting in that vertex, coincide along the diagonal of the 
central solid. 

Space can, therefore, be filled with rhombic dodecahedra; and the 
crushed spheres, consequently, form a mass without intervening 
spaces. 

We should expect to find this dodecahedral form in nature wherever 
originally spherical cells, packed together in the most natural or in 
the closest manner, have been subjected to uniform and complete 
pressure. The two conditions, (1) of initial symmetrical arrangement, 
and (2) of complete symmetrical pressure, are probably seldom ful- 
filled simultaneously, as a matter of fact ; and so, nature transgresses 
her own ideal of naturalness in this as in other respects. In the 
centre of a mass of soap-bubbles their chance of fulfilment is perhaps 
at its best: but, in the fact that the bubbles tend to stick to one 
another, there is a disturbing element, even in the centre of the mass ; 
and the difficulty of seeing the form within the mass is great. 


2. Reverting now to our second question, it is, as before remarked, 
evident that the structure produced by complete and symmetrical 
pressure of spherical cells, symmetrically distributed in a space, is of 
the same form as that produced by the complete and symmetrical 
activity of equally efficient centres of excavation or absorption, 
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symmetrically distributed in a solid. The dodecahedral form is, 
therefore, the ideal natural form of cell-structure which is caused 
by absorption, as organic structures often are, or by excavation as in 
the case of the honey-comb cell. 

In organic structure it is not likely that the ideal conditions are 
ever completely fulfilled, and frequently the actual conditions are 
quite different. But, as regards the honey-comb, we might reasonably 
expect that the bees, who are the cell-excavators, should by natural 
instinct distribute themselves as densely as possible, and with a con- 
siderable degree of regularity, and that their activities should be 
equal and symmetrical about the working parts of their bodies. The 
facts confirm this reasonable expectation. The bees distribute them- 
selves, with apparent uniformity, at the two sides of a homogeneous 
cake of wax which has been previously deposited. In it they excavate 
cells, at doubtless uniform rates of work, and continue excavating till 
their work is as complete as possible, and the walls of the cells there- 
fore of uniform thickness. Meanwhile, the excavated wax is used to 
build up higher the open cell walls. Hence, the cells ought to be 
elongated rhombic semi-dodecahedra; and this is just what they are, 
the axis of the cell corresponding to a diagonal of the primary cube, 
and the apex being one of the trihedral vertices of the dodecahedron. 
Kach face at the apex fits exactly against one face ofa cell in the oppo- 
site system. Hach cell, therefore, 1s in contact with three cells of the 
opposite system. 

It follows, from this last mentioned fact, that the bees must distri- 
bute themselves with maximum density, not only on each side 
separately, but: on the two considered jointly. This, asa case of in- 
stinct, is certainly remarkable, but the possibilities of trial and error 
are sufficient to account for it. It is not unreasonable to expect that 
the bees should learn how to employ the largest possible number of 
themselves on a piece of wax to be excavated, this being a thing 
which they would naturally try to do; though it would be strange, 
in comparison, if they tried to effect those other two ends, of maximum 
economy in wax, and maximum strength of structure, which, as a 
matter of fact, they do effect. Whatever it is natural that they should 
try to do, it is natural that they should succeed in doing. And so, 
it is no less intelligible than remarkable, that our one clear example of 
nature fulfilling her own ideal of a natural cell-structure, should be the 
work of simple animal instinct in the construction of the honey-comb, 
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Mr. Mukhopadhydy’s “Theorem in Plane Conics” (p. 7) forms 
Question 8337, in the “ Educational Times’ for November, 1885. 


The ‘“‘ Group of Circles ” considered by Mr. Tucker (p. 44) was the 
following :—It is well-known that, if POP’ is a diameter of the circum- 
circle of a triangle ABC, the two Simson-lines corresponding to P and 
P’ intersect at right angles on the Nine-point Circle, and the envelope 
of the Simson-lines is a Tricusp.* The circles, considered in the 
communication, were obtained by taking points 1, m, n, &c., on the 
perpendiculars PL, PM, PN, &c., such that JL=K.PL, mM=K. PM, 
nN = K.PN, &e.; then /mn is parallel to the Simson-line DMN, and 
the corresponding line /’m‘n’ is parallel to the Simson-line L’/M’N’: 
lmn, Um'n’ intersect at right angles on a circle. The properties of 
this system of circles were worked out on the lines of the well-known 
results and shown to be quite analogous. 


Mr. Heppel’s communication (p. 44), was on the “ Reduction of the 
General Equation of the Second Degree.” The result arrived at was: 


2 2 
Suppose the ellipse ax’+2hay+by?+c¢= 0 transforms to tg = |h 


Then, turning back again through an angle —0, the latter equation 
becomes 
(q°cos"8 + p’sin’@) x + (q?—p”) sin 20 ay + (q’sin’6 + p’cos’0) y? —p’q’?=0, 
where q’—p’ is essentially negative. 

Therefore, comparing with axz’?+2hay+by’+c¢ =0,0is > or < oe 
as - is negative or positive. 


Next, let the hyperbola az’+2hey+by’+c = 0 transform to 





* See Educational Times (Quest. 1649), Feb., 1865; Reprint, Vol. u1., pp. 58, 97; 
Vol. 1v., pp. 18, 27, 74, 81, 94; Lady’s and Gentleman’s Diary, 1861—1863. The 
property was originally published by Steiner, without demonstration, in Credle, Vol. 
Lu. Dr. Casey, in his ‘‘ Sequel to Euclid’’ (8rd ed., 1884, p. 174, Ex. 31), states 
that the property was communicated to him by a friend, and M. N. Goffart also 
seems to have thought the property was a new one (see Nouvelles Annales de Math., 
Quest. 1478, the solution being given on p. 397 of the No. for August, 1884). 
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ead > =1, then, transforming back again, we get similarly 
P 2 
0>or< oe as is positive or negative. » Hence, in the ellipse, 


major axis is in first quadrant if h/c’ is positive; in the hyperbola, 
the real axis is in the first quadrant if h/c’ is negative. 


The Rev. R. Harley’s remarks on “Criticoids” (p. 61) will be 
found in a paper contributed by him to the Royal Society (Proc. of 
Royal Society, Vol. xxxviu., No. 235, pp. 45—57), entitled, “ Professor 
Malet’s Classes of Invariants identified with Sir James Cockle’s 
Criticoids.”’ 


Captain Macmahon’s communication (p. 61) will be found in the 
Messenger of Mathematics, Vol. xtv., No. 11 (March, 1885, p. 164) ; in 
which volume also is printed Mr. Buchheim’s Note (p. 61), No. 9 
(January, 1885, p. 143). 


Mr. Griffiths sends the following ‘“ Note on Partial Multiplication 
for Modulus 1/ ./2” :— 


The following is an example of the partial multiplication noticed 
on p. 106, viz., » = 5, and 


5 {142i (1 +2i) ea Sat} 
29 : es 
Se . : (i = V—1). 
14 G2) #+(1-—) no! 











Pelee dy da 
hig @1ved.)) — a2 (1 97 ae 
= J1—y?.1-1y¥ \ ) V1 —a?. 1—i2 

ey MSTA. ( mod. Sah 


Here y =| when « = 1, and y = —,/2, when z= /2; 
1.€., sn(K+2iK’)=1, and sn (1+27)(K+4+ih’) =—//2, 
or, since K’= K, sn(—K+3iK’) =—,//2. 
Referring to p. 108, it may be remarked that, if we put A, = A, 
= K = K’, we have M, = — (1+ 22). 
This is the case of —y = same function of # as above. 
As regards the general theory of composition, I would observe, that 


(1) all the transformation equations of an even order of the form 
y = rational function of x, can be derived from the formula 


y = sin(L+A+B+...), 
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as I hope to show in a future note; (2) Landen’s equation can be 
introduced into Jacobi’s transformations of an odd order. In fact, 
the first transformation is 


y = sin {—04+204+A+B+...}, 
if we write 


(l+a’) #/1—2 1—(l+qa’) # | 


Sin j==0, eee , col= ———— 
/1— aa? /1—ax? 
id Lee 
oe toe 
VY+tat@=la=ad+a’*=...,, 
medians et mi ehul — eee Aye fy 
n n n n 


The analogy between elliptic transformations and trigonometrical 
formule is very striking.* 


The paper on “Some Properties of the Harmonic Quadrilateral,” 
by Mr. Tucker (p. 184), will, through the courtesy of the Messrs. 
Hodgson, the proprietors of the Reprint, be published for the 
author, who desired an early appearance for the paper, as a supple- 
ment to Vol. xLiv.f 

Prof. J. Neuberg has furnished to the author “proofs” of an 


* Mr. Griffiths furnishes the following list of corrections to be made in his paper, 
pp. 83—108 : 
~  p. 84, line 16, in the expressions for a and a’ dele 6. 
p- 85, last line, for i tan (X+X,+...4+X,) read tan (X+X,+...+X,»). 
p. 86, line 7, for a, a@g...@m read by, bo, ... Om. 
p- 91, line 10, read 2nI’ = NK’ for Int’ = NK. 
p- 97, line 16, in the relation between the moduli read ,/k’ for ,/k as regards 
the numerator. 
p. 103, line 9 from bottom, in the denominator read k? for k. 
p. 104, line 2, read k? for k'. 
p. 104, for sin Xo, sin X3, sin X,, respectively, the expressions should be 


sin X, = (l—,/h)*... (rest as printed), 


sin X, = (1444/p) 2 A a 
sin X, = (1—i,/k)? sn u (1—£& sn? w) 


1—20,/k (l—i /k—k) sn2u +k? sn! w 
p- 105, line 2 from bottom, change M, into a 
3 


t Advance copies have been forwarded to a large number of the members. 
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article by him, “ Sur le Quadrilatére Harmonique,” in recent num- 
bers of Mathesis (Oct. and Nov., pp. 202-212, 217-223), in which he 
works out the results on the lines of his Mémoire “ Sur le Centre des 
Médianes antiparalléles.” 

Prof. Neuberg has also communicated to the Reprint (Vol, xum1., 
pp. 81-85) a paper entitled, “Sur les Cercles de Tucker.” This is 
the “ group of circles” of Quarterly Journal of Mathematics (Vol. xx., 
No. 77). In this article he also furnishes information upon matters 
treated of in the Appendix to last Session’s volume. 


The Rev. T. C. Simmons’ communication (p. 262) will appear in 
the Appendix to Vol. xxiv. of the Reprint. 


M. Figarié, of Paris, is writing a memoir for the Journal de Math. 
Elémentaires, of M. de Longchamps, on the theorems in Mr. H. M. 
Taylor’s paper (Vol. xv., pp. 122-139), and the circles of the same 
gentleman, Mr. Tucker, and M. Lemoine. 


M. E. Lemoine has communicated a paper, “‘ Sur une Généralisation 
des Propriétés relatives au Cercle de Brocard et au Point de 
Lemoine,” to the Nouvelles Annales (Mai, 1885, pp. 201-223); and 
M. D’Ocagne publishes, in the August number of the same volume 
(pp. 360-367), a “ Note sur la Symédiane.”’ 


We are indebted to Dr. H. Lieber for extracts from Vol. xvi. of his 
Zertschrift f. Math. u. Natur. Unterr., bearing upon the geometry of 
Brocard’s circle. The questions will be found on pp. 351-355. 
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